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Preface

We witness the advent of the age of parallel large-capacity computers and
processors. Parallel computers enter our lifeas the realization of objective processes
in aspiration for creating more and more powerful computers capable of solving
most complicated computational and informational problems arising in a society.
Since on each level of technology we approach our limits in computer capacity, this
intention to accelerate the process of creating more and more powerful computers
stimulates us permanently for transition to computational processes based on
parallel and asynchronous data processing. Rapid progress in the electronic element
base allows to construct such a multiprocessor computer system on VLSI crystals.

However, the new quality parallel computers require a completely new mathe­
matical base for solving complicated problems on parallel computer systems. What
is this base? No doubt such base is the adequate representation of problems in a form
accessible to parallel processing inherent to the structure of the computer.

Numerical mathematics has already done much in this direction. First of all there
are the methods of splitting complicated problems of mathematical physics into
simpler systems realizable on parallel processors.

This fact inspired the author to give a survey of the splitting methods and to
demonstrate the results achieved in this direction. The author tried to analyze all
basic splitting algorithms, naturally focussing special attention on the Soviet school
of numerical mathematics which has achieved important results both in formulating
algorithms and in applying them to solutions of complicated problems. As for the
rest of the world's experience, it was in our opinion reflected sufficiently while
considering the algorithms as well as in the detailed bibliography presented in this
work.

In preparing material for this article the author was assisted greatly by V.1.
Agoshkov, G.R. Kontarev, V.I. Kuzin, Y.A. Kuznetsov, V.N. Lykossov, V.P.
Shutyaev, V.B. Zalesny. The author is very much obliged to all these colleagues.
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CHAPTER I

Introduction

The intensive development of the methods for solving linear algebraic equations
with three-diagonal and block three-diagonal matrices in the fifties and sixties led to
the creation of effective numerical algorithms for solving stationary problems based
on the factorization ofthe difference operator. A special place among the methods of
factorization (sweep methods) belongs to various versions ofnoniterative methods of
factorization developed by KELDYSH [1942], GELFAND and LOKUTSIEVSKY [1962]~

Rusxxov [1960], GODUNOV [1962], ABRAMOV and ANDREEV [1963] and others.
Experience accumulated in solving one-dimensional problems by methods based

on factorization had prepared the basis for the construction of the algorithms for
solving more complicated problems in mathematical physics. And the beginning of
the sixties was marked by a great contribution into numerical mathematics by the
development of such algorithms. This contribution is connected with the names of
Douglas, Peaceman and Rachford, who suggested the alternating direction method
(see DOUGLAS and RACHFORD [1956], PEACEMAN and RACHFORD [1955]). The success
of the method was ensured by a simple reduction of the multidimensional problem
to a sequence of one-dimensional problems with three-diagonal matrices easily
invertible by computers. This method affected significantly the construction of
algorithms in various fields of applied mathematics. The theoretical studies of this
and related methods are presented in the works by DOUGLAS [1962], DYAKONOV
[1961-1967, 1970-1972], SAMARSKII [1961-1967, 1970-1971, 1977], BIRKHOF,
VARGA and YOUNG [1962], WACHPRESS [1962], KELLOGG [1964], GUNN [1965],
VOROBYOV [1968J and others.

The methods were developed based on homogeneous and inhomogeneous
approximations. In the case of inhomogeneous approximation each of the auxiliary
(intermediate) problems not necessarily approximates the original problem but in
the whole in special norms this approximation takes place. These methods have
been named the splitting methods; they have been developed in the works of the
Soviet mathematicians YANENKO [1966,1967], DYAKONOV [1963a, 1966], SAMARSKII
[1962d~ 1963a], SAUVEV [1960], MARCHUK [1971] and others.

The splitting methods were widely used in problems of various kinds and they
stimulated the more general approach to the solution of problems in mathematical
physics based on the method of weak approximation developed by YANENKO
[1964b, 1967] and SAMARSKII [1963a, 1965b]. It appeared that the splitting method
may be understood as the method of weak approximation of the original equation

205
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by a more simple equation. The convergence conditions for the method of weak
approximation were formulated in the theorem by YANENKO and DEMIDOV [1966]
and in the works by LEBEDEv [1977] and DYAKONOV [1962£, 1971d]. The method of
weak approximation has found natural applications in the problems of hydro­
dynamics, meteorology, oceanology, in the theory of radiation transport, etc.
(MARcHuK [1967, 1974a], YANENKO [1967]).

The original scheme of the predictor-corrector type by Lax and Wendroff found
wide applications in problems of hydrodynamics, meteorology, oceanology, where
the predictor was suggested in the form of an explicit difference scheme. This scheme
is conditionally stable, it is easy in realization and has a second-order approx­
imation in all variables. A detailed study of the scheme is presented in the book by
RICHTMYER and MORTON [1972].

Various versions of the predictor-corrector method based on implicit difference
approximations were proposed by BRAYN [1966], DOUGLAS [1961], SOFRONOV
[1965] and MARCHUK and YANENKO [1966]. All these schemes proved to be
equivalent in a certain sense and differed only in the realization technique. In the last
of these works the implicit splitting scheme with factorized operator is used as
a predictor, which has first-order accuracy. For the problems in hydrodynamics the
implicit majorant schemes are used as predictors.

Of particular interest is the method of decomposition and decentralization
formulated by LIONS and TEMAM [1966] ad also by BENSOUSSAN, LIONS and TEMAM
[1975] which also is close to the splitting methods and methods of weak
approximation.

In the sixties the method for solving multidimensional problems of mathematical
physics was developed intensively which is connected with the name of HARLOW
[1967]. This method was named the method oflarge particles. Today it is also con­
sidered as a splitting method. In the works by DYACHENKO [1965], BELOTSERKOVSKY
and DAVYDOV [1978], and YANENKO, ANUCHINA, PETRENKO and SHOKIN [1971]
various modifications of this method are given and schemes of their realization are
considered.

In the present work many ofthe splitting (fractional steps) and alternating direction
methods are considered, somefacts from the theory ofconvergence ofthese methods are
presented and the algorithms for numerically solving a number of concrete applied
problems are formulated based on the applications of the methods discussed further.
Main attention in this work is paid to nonstationary problems. In this connection
the splitting and alternating direction methods are formulated as classes of finite
difference algorithms for solving these problems. Nevertheless, in some sections they
will be considered as iterative methods for solving stationary equations.

1. Approximation

This section introduces the general concepts of the theory of finite difference
methods which will be used in the present work.
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Consider a stationary problem of mathematical physics in the operator form:

Acp= f in Q,

acp=g on oQ,
(1.1)

where A is a linear operator, cp E tP, f E F. Here tP and F are Hilbert spaces, whose
elements are defined respectively on Q+oQ=Q (oQ is the boundary of the domain
Q) and Q, a is the linear boundary condition operator, g E G, where G is the Hilbert
space of the functions defined on oQ. For the sake of definiteness and simplicity of
notation we will consider the functions from tP, F, and G to be dependent only upon
two variables x and Y (which may be regarded as spatial).

Construct the finite-dimensional approximation ofthe problem (1.1) for example
by the finite difference method. To this end consider a set of points (xk ' y,), where
k and I are arbitrary integers. The set of these points will be called a grid and the
points will be called grid points. The distance between grid points will be described
by the value h > 0 called the step of the grid (naturally, this distance may also be
described by two parameters h, and hy-the grid steps in the x- and y-direction
respectively). Denote by Qh the set of the grid points approximating in some sense
the set of the points of the domain Q, and by oQh the set of the grid points
approximating the boundary oQ. Further, the functions whose definition domain is
a grid will be called grid functions. The set of the grid functions cph with definition
domain Qh will be denoted by tPh. Each function cp E tP may be connected with the
grid function (CP)h as follows: the value of (CP)h at the grid point (xk , y,) equals cp(xk , y,)
(of course, if the values {cp(xk , Yl)} have a meaning). This correspondence presents
the linear operator acting from tP to tPh; this operator is called a projection of the
function cp on the grid. The function l/J =Acp can also be projected on the grid by
taking (l/Jh = (Acpk The correspondence between (cph and (Acp)h is a linear operator
defined on the grid functions.

By now applying approaches developed in the theory of the finite difference
methods we construct the problem in the finite-dimensional grid function space:

Ahcph = fh in tr,
ahcph = gh on oQh,

(1.2)

which is the finite difference analogue of problem (1.1). Here Ah and ah are linear
operators depending on the grid step h, cph E tPh,fhE Fh, l E Gh, and tPh,F; and Gh
are grid function spaces.

We introduce in tPh, Fhand Ghrespectively the norms IlolltP
h

, Iloll F h and 11-II G h • Let
(o)h denote the linear operator which puts the element cp E tP in correspondence with
the element (cph E tPh in such a way that

We shall say that the problem (1.2) approximates the problem (1.1) with order n on
the solution cp, if there exist positive constants n, M l' M 2 such that for all h< h the



208 G.J. Marchuk CHAPTER I

following inequalities hold

II Ah(qJ)h - fhll
F h
~M.: hn 1, II ah(qJh -ghilG

h
~M2· hn2

, (1.3)

and n=min(n1,n2 ) .

In cases where the solution qJ of problem (1.1) is sufficiently smooth it is
convenient to find the order of approximation using the norm which is natural for
the space of continuous and differentiable functions. To that end the expansion into
Taylor series of the solution and other functions contained in the problem is usually
applied.

Further we shall suppose that the reduction of problem (1.1) to problem (1.2)
has been accomplished and, moreover, that the boundary condition of(1.2) has been
used for excluding the values of the solution at the boundary points of the domain
QII +oQh • As a result we have the equivalent problem

(1.4)

(1.5)

The values of the solution at the boundary points can be found from (1.2) after
solving (1.4). In some cases it is more convenient to write the approximating problem
in the form (1.4) and in some other cases in the form (1.2). Thus, as a result of the
reduction and with the required approximation taken into account, problem (1.1)
with a continuous argument has been reduced to the problem oflinear algebra (1.4),
i.e., of solving the system of algebraic equations.

Further we shall mainly use Hilbert spaces of grid functions and, unless otherwise
stated, the corresponding norm II <ph II<J> will be defined by the relationship

II <ph II <J> = (qJh, qJh)~j2 •

It must be noted, however, that many of the introduced concepts (approximation,
etc.) also apply to the case of Banach spaces and in some statements and illustrating
examples grid function norms will be introduced which are not connected with the
inner product defined by the above relationship.

We shall illustrate the above concepts with an example of the following concrete
problem

-!!J.qJ= f in Q,

qJ=O on oQ,

where

Q={(x,y): O<x<l, Ox y-c l},

f = f(x, y) is a smooth function,

!!J. = 02/0X2 +02/0y2.

Let F be the Hilbert space of real functions L 2(Q) with the inner product

(u, v)= fuv dx dy

Q
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Ilull =(u, U)1/2.

Denote by q, the set of functions that are continuous in Q=Q+oQ and that have
continuous first and second derivatives in Q. We take the same norm in q,as in F, i.e,
11·ll tP =11·11. Choose as G the Hilbert space L 2 (oQ) of functions defined on oQ with
the norm

11011<,(,,,) = ( f101 2 drr2

an

Ifwe introduce the operators A<p = - ~<p and atp=<Plan, then problem (1.5) may be
represented in the form (1.1) for g =0.

Now, we introduce the finite-dimensional approximation of problem (1.5). To this
end, we cover the square Q = Q +oQ by a uniform grid with step h in the x- and
y-direction. The grid points of the domain will be identified by a pair of indices (k, I),
where the first index k (0~ k~ Nx) corresponds to discretization of the x-coordinate
and the second index I (0~ I~Ny)corresponds to that of the y-coordinate. Consider
the following approximations:

(1.6)

where ~x' ~y, Vx and V y are difference operators defined on grid functions <ph with
components <Ptl as follows:

Then problem (1.5) can be approximated by the following problem:

Ah<ph= -[~xVx<ph+~yVy<ph]= fh in a;
<ph =0 on oQh'

where oQhis the set of grid points that belong to the boundary oQ, and Qhis the set of
internal grid points in Q. Here the operator Ah is given by

Ah=Ax+Ay,

Ax=-~xVx'
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(1.7)

i.e., Ah is a difference analogue of the operator -8.: Ah=_8.h
• Now (1.6) can be

rewritten in the form

_8.hcp h= fh in a;
cph=O on aQh'

where cph and r are vectors with the components cpt, and ftt and

(Ah h) _ 1 ( h h h h 4 h )cp s.t>: h2 cp k+ 1,1 +cpk- 1,1 + cpk,l+ 1 + cpk,l- 1 - cp k,l ,

Xk+ 1/2 y/+ 1/2

J:,,= :2 f f Jdx dy,
xk _ 1/2 Y/-l/2

Xk±1/2=xk+!h, Yl±1/2=Yl+!h.

Here and in the sequel we take as f~" some averagef(x, Y), calculated by the above
formula. (This allows us to consider the difference schemes with a function f(x, y)
which, in general, is not assumed to be sufficiently smooth.)

We introduce the space q)h' Let the elements of q)h be defined in the domain

'oh=Qh+aQh={(Xk'Yl): O~k~Nx=1Ih, O~I~Ny=1Ih}.

Define the inner product and the norm as follows
Nx Ny

(cp\ I/Jh)"'h = L L h2
cp~.lI/JL,

k=O 1=0

Choose as Fh the space of grid functions defined on

Qh={(Xk,y,): 1~k~Nx-1, 1~I~Ny-1}

with the inner product and the norm given by:

Nx - r Ny- r

(cph,l/Ih)Fh= L L h2cpt,l/lth

k=l 1=1

Nx-1 Ny-1

IIcphlli
h

= L L h2 (cpt ,f .
k=l 1=1

The space Gh of grid functions defined on aQh is defined in a similar way.
Take as (CP)h a vector whose components are the values of the function cp at

corresponding grid points. Then using the expansions of the functions cp(x, y) and
f(x, y) into Taylor series we obtain

II-Ah(cp)h- fhIIFh~M1·h2, (1.8)



SECTION 1 Introduction 211

where M 1 =const < 00. The approximation of the boundary conditions in this
example is accurate. From this fact and from the estimate (1.8) it follows that
problem (1.7) approximates problem (1.5) with the second-order of accuracy on the
solutions of problem (1.5) having bounded fourth-order derivatives.

Note, that if we require the grid functions of tPhto satisfy the condition <phlaQ h = 0,
then for such functions the inner products in tPh and F; (and therefore the generated
norms) will coincide. Further, using the following identities analogous to the first
and the second Green formulae

Nx-1 N x

- L (~xVx<ph)k,,·t/JL= L (Vx<ph)k"·(Vxt/Jhk,,
k=1 k=1

Nx-1 Nx-1

- L (AxVx<phk,·t/JL= - L (AxVxt/Jhk,·<pz'"
k=1 k=1

and similar identities for the sums over index I it is not difficult to show that

(Ah<ph, t/Jh)Fh= (<ph, Aht/Jh)Fh'

N x Ny

(Ah<ph, <ph)Fh= h2 L L [((Vx<ph)k"f +((Vy<phk,)2] > 0
k=1 '=1

for <ph =1= 0

i.e., the operator Ah on the functions of tPh satisfying the condition <phl oQ =0 is a
h

self-adjoint positive-definite operator. It is of interest to note also that here Ah is
representable as the sum of symmetric positive-definite commutative operators Ax,
Ay :

Ah=Ax+Ay, AxAy=AyAX '

So far the stationary problem and its approximation in spatial variables were
considered. But we may consider in a similar way the problem of approximation of
the evolutionary equation (i.e., the equation which has no time derivatives in A and
may be resolved explicitly with respect to the first derivative in time):

o<pjot+A<p= f in Q x a;
on oQ x Qt,

in Q for t=O.

(1.9)

Problem (1.9) will be approximated in two stages. First we shall approximate this
problem in the domain (Qh+oQh) X Q( in spatial variables. As a result we obtain the
differential equation in time which is a difference equation in spatial variables.

In some cases it is easy to exclude from the obtained differential-difference
problem the values of the solution at the boundary points of the domain
(Qh+oQh)x Q( using difference boundary conditions. Assuming this to be carried
out we come to the evolutionary equation of the kind

(1.10)
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(1.11)

where A, fh and qJh are functions of time t. Further we shall omit the index h in
problem (1.10) assuming that we deal with the difference analogue of the original
problem of mathematical physics in spatial variables.

Equation (1.10) presents a system of ordinary differential equations for the
components of the vector tp",

Consider the following Cauchy problem:

dqJjdt+AqJ= f,

qJ=g for t=O.

Suppose that the operator A does not depend on time. Consider the simplest
methods of approximation to problem (1.1 1) in time. Currently the difference
schemes of the first and second order of approximation in t are used in most cases.

First, consider the simplest explicit scheme ofthe first-order of approximation on
the grid Dr:

(1.12)

where r = tj + 1 - t j and f j is some projection of the function f For the sake of
simplicity we may now take fj=f(tJ

If we consider the simplest implicit scheme, then we have

'+ 1 .rn! -m}
_"t' "t'_+AqJj+1 =fj,

r
(1.13)

and we choose f j as f(t j+ 1)' The schemes (1.12) and (1.13) are first-order
approximations in time. We may check it easily using expansion into Taylor series in
time and assuming, for example, the existence of bounded second-order derivatives
of the solution in time.

Resolving (1.12) and (1.13) with respect to qJi+ 1 we come to the recursive relation

(1.14)

where the step operator Tand the source operator S are defined as follows: for scheme
(1.12)

T=E-rA, S=E;

for scheme (1.13)

T=(E+rA)-1, S= T.

The difference schemes of type (1.14) for evolutionary equations will be called
two-level schemes.

In applications the second-order approximation Crank-Nicolson scheme is
widely used.

(1.15)
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(1.16)

where f j= f(t j + 1/2). Scheme (1.15) can also be represented in the form (1.14) with

T =(E +tTA)-1 -u: -tTA), S =(E +tTA)-I.

In some cases it is convenient to write the difference equations (1.12), (1.13) and
(1.15) as a system oftwo equations, the first approximating in Q hr the equation itself,
and the second approximating the boundary condition on aQhr' In this case the
difference analogue of problem (1.9) has the form

L hrmhr= f hr . n
-r In ;"t;hr'

where

Qhr=Qh X Qr' aQhr=Qh X {O}uaQh x Qr'

IILhr(qJ)hr- fhrIlFht~Mlohn+Nl'TP, (1.17)

Illhr
(qJ )hr - o"II G

ht
~M 2' h

n+N 2
0

T p.

In these inequalities, just as in (1.3), (o)hr is the operator of projection on the
corresponding grid space.

By introducing vector functions and new operators acting in the domains Q h X Qr'

where Qr is the set {tj } , the difference equation in canonical form (1.14) can also be
written in the form

(1.18)

Thus, the evolutionary equation with boundary conditions and initial data can be
reduced to problem (1.18) oflinear algebra.

In particular a boundary value problem of elliptic type, an integral equation, etc.,
may be reduced to equation (1.18). Here the approximation condition can again be
written in the form (1.17) with the only approximation index h which is the
maximum from the set {~Xi} of steps in spatial variables.

Consider the problem

aqJ aqJ
LqJ=-+AqJ=--~qJ= f in Q x Q pat at
qJ=O on aQ x Qt, (1.19)

qJ=g in Q for t=O.

Solutions are assumed to be defined on domain (Q +aQ) x Qr' where Q is a square as
before, and Qt= {O~t~ T}. From Q, aQ, Q t we come to Qh' aQh' Qr respectively. Let
Qr be the set of points t j and let t j + 1 - t j= T. Then problem (1.19) can be
approximated as follows:

L hrmhr<I" . n n-r In ;"t;h X ;"t;r'

in a,x {O}.

(1.20)
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Consider the simplest explicit approximation
j+ 1 j

(
L J1Jr hr)i = lpk,1 -lpk,I_(Ah J)

lp k 1- lp k I', r .

Xk+ 1{2 y/+ 112

fL= :2 f f f(x, y, tjl dx dy,

x k- 112 YI-112

xk+l/2 Yl+112

9.,.= :2 f f g(X, y) dx dy,

Xk_ 112 YI- 112

(1.21)

(1.22)

(1.23)

(1.24)

(1.25)

(1.26)

(1.27)

where lpC = lphr(xk, Yl' t) Then
'+ 1 . h' .

lpi" = lpL, + r(A lpJ)k,l + r f ~,I in a, X a;
Besides,

lpL=O on oQh X Qr'

lp~,,=gk,' in Q h x {OJ.

The recursive relation (1.24) can be written as

lpJ+ 1 =Tlpi +rfJ,

where lpi is the grid function with the definition domain Qh+8Qh and

lpJ(xk, Y,)= lpht(Xk, Y" tj)'

T=E+rAh=E-r(Ax+A y)

is the step operator, and Ax and A y are the same as in (1.6). For the sake of simplicity
let here

Fh= (/>h and II lph II
l1Jh

= (I: h2Ilpk,/12) 1/2
k,1

We estimate the norm of the operator T. To that end, we want to find its largest
eigenvalue

Tu = A(T)u in Qh'

u=O on oQh •

The following relation is obviously valid

An(T)= 1+rAn(Ah
) .

Noting that the orthonormal eigenvectors {ump } of the operator Ah have the
components

u~p = 2 sin mnkh- sin pnlh,

m=l, 2, ... , N x - l , p=l, 2, ... , Ny-I,
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(1.28)

and corresponding eigenvalues are

Amp(Ah )= :2 (sirr' tm1th +sin? !p1th),

we easily find An(T) and the norm of the operator T:

{
8r 8r . }II Til = max 1-h2 cos" t1th, 1-h2 sm2 t1th

and if rjh 2 <t, then II Til < 1.
Along with the explicit approximation of the first order in r we may consider the

implicit approximation of the first order in r and of the second order in h2
, Then

instead of (1.21) we will have:

(1.29)

(1.33)

(1.32)

(1.31)

where f Land gk,l are defined by (1.22) and (1.23)respectively. In this case (1.20)can
no longer be solved explicitly and we come to the operator equation

((E - rAh)mi+ 1) = mi -+- rfi+ 1 in Q x Q (1.30)
-r k,l 't'k,l' k,l h t'

whose solution must satisfy the following conditions:

qJL=O on oQhx Qt'

qJ~,1= gk,l in Q hx {O},

We write (1.30) in the form
'+ 1 • ,

qJtl =(T(qJtl+rfJ))k,1'

where T=(E-rAh)- 1, In this case the norm of the operator T becomes

IITII =max{ 1 , 1 }
1+(8rjh2

) cos t1th 1+(8rjh2
) sin? t1th

and therefore II Til < 1 for any rand h.
Finally, we consider the approximation in the Crank-Nicolson scheme. Define

the operators and functions in problem (1.20) as follows:

xk+1/2 Yj+1/2

fL~:2 f f f(X,y,tj+112)dxdy,

x k -1/2 y/-1/2

Xk+ 1/2 Y/+ 1/2

f f g(x, y) dx dy.

xk-1/2 y/-1/2

(1.34)

(1.35)
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(1.36)

(1.37)

Then we obtain the problem

(E-trAh)<pe l =(E+trAh)<pt,+rfL in Qh x Qt'

<pL=O on oQh x Qt'

<P~,,=gk,' in a, X {O}.

In this case (1.36) can be formally solved with respect to the unknown <pe 1 in the
form

'+ 1 ' .<P(, = (T<pJ)k,1 +r(SfJ)k,l'

where

T=(E -trAh) - l (E +1rAh), S=(E -trAh) -1.

The norm of the step operator is

(1.38)

{
1-(4r/h2) cos2 t1th

II Til =max 1+(4r/h2) cos" t1th '

Hence II T II < 1.

2. Stability

1-(4r/h2)sin 2 t1th }
1+(4r/h2) sin? 11th .

(1.39)

Consider the next important concept of the theory of finite difference methods:
stability.

To clarify basic definitions and concepts of the theory of stability consider first the
explicit difference scheme (1.12)

<pj+l=(E-rA)<pj+rfj, <p0=g (2.1)

The solution <pj is found for 0~ t]~ T.
Assume that the operator A is positive and has a complete system of eigen­

functions {un} and a set of eigenvalues {A'n>O} corresponding to the spectral
problem

Au=A.u.

We introduce the following Fourier series:

n n

(2.2)

where

<p~=(<pj, u:), f~=(fj, u:1 gn=(g, u:);

u: are the eigenfunctions ofthe adjoint spectral problem. Substituting (2.2)into (2.1)
and taking the inner product of the result and the vectors u: we obtain the following
expression for the Fourier coefficients:

<p~+l =(I-rA.n)<p~+rf~. (2.3)
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the initial condition has the form
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o
qJn=gn'

By successively excluding the unknowns we obtain

j

(flj = rj g +r " rj-if i - 1
-r n n n L... n n,

i= 1

From (2.5) it follows that for r > 0

j

IqJ~I~lrnljolgnl+r L Irnlj-iolf~-ll.
i= 1

(2.4)

(2.5)

(2.6)

(2.7)

We strengthen the latter inequality by substituting If~-ll for 1.r"I=maxlf~1 under
the summation symbol and we obtain

. . l-Irnl
j

IqJ~I~lrnIJlgnl+ l_lrnlorlfnl.

Von Neumann has introduced the so-called spectral criterion of stability, the
essence of which is as follows. If for each Fourier coefficient qJ~ of (2.2) the following
relation holds

(2.8)

where C1n' C2n are constants bounded uniformly for 0 ~jr ~ T, then the difference
scheme (2.1) is computationally stable. Consider conditions on the parameters ofthe
difference scheme (1.12) sufficient for relation (2.8) to be valid. An analysis of (2.7)
shows that the stability criterion (2.8) is satisfied if the following restriction is
imposed on the parameter r n

Irnl~l, n=I,2, ....

Assume that the spectrum of the operator A is contained in the interval

0< o:(A)~ An(A)~ f3(A).

Then, according to (2.6), if

r~2/f3(A),

(2.9)

(2.10)

then relation (2.9) will hold. Thus inequality (2.10) becomes a constructive stability
condition for the difference scheme (2.1). Note that condition (2.10) is a sufficient
stability condition; the scheme remains stable, for instance, when

r= 2/f3(A).
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Relation (2.7) in this case becomes obviously

I<p~1 ~ Ignl +jrl f,J (2.11)

(2.12)

But jt ~ T, where T is fixed. This means that for small L a large number of steps j is
required, and j-HY) as 1'--.0, but such that the upper bound of the time interval
T remains fixed. Again, we come to schemes which are stable in the sense of von
Neumann.

We consider now some other difference schemes based on the implicit difference
approximations. In the case of the implicit scheme of the first-order approximation
(1.13) we obtain an expression similar to (2.7):

. . I-Ir Ii
Ilp~I~lrnIJolgnl+ l_lr:lorlrnllfnl,

where

rn= 1/(1 +rAn(A)).

This difference scheme for An(A) > 0 is stable for any l' > 0, since

Irnl<l, n=1,2, ....

Stability of this kind will be called the absolute stability.
In the case of the Crank-Nicolson scheme (1.15) the estimate for the Fourier

coefficients of the solution has the form

1

. . l-Ir Ij
Ilp~I~lrnIJolgnl+ l-I:nl rlllnllfnl,

where

I-hAn(A )
r =---;---

n 1+trAn(A)'

(2.13)

(2.14)
lp=g for t=O,

Therefore Irnl < 1 for any T > 0 provided that An(A) > O.
It should be noted that, firstly, the stability in von Neumann's sense is based on

the spectral analysis of the operator of the problem. This means that for this
approach the computation of the largest eigenvalue or the estimation of its upper
bound are necessary parts of algorithm. Secondly, the spectral stability criterion
ascertains stability of the solution with respect to each of the harmonics from the
Fourier series but it says nothing about the stability of the solution in terms of
energy norms. At the same time the norm of the solution lpi often happens to be the
only characteristic of the problem's solution. All of this made the researchers offer
some other definitions of stability which would be related to the norms of the
operators. It should be emphasized, however, that stability analysis of von
Neumann type continues to playa prominent role in applications.

We now come to a more general definition of the concept of computational
stability. To that end we consider the problem

alp/at +Alp = f in Q x Qt,
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which is approximated by the difference problem

cpj+ 1 = Tcpj +rSfj in ah x at'
cpo=g.

(2.15)

We shall say that the difference scheme (2.15) is stable, if for any parameter
h characterizing the difference approximation and for j ~ T]: the following relation
holds

(2.16)

where the constants eland c 2 are uniformly bounded on 0~ t~ T and do not
depend on r, h, g and [; Gh denotes the space to which g of (2.15) belongs.

The definition of computational stability is closely related to the concept of
well-posed problems with a continuous argument. One may say that computational
stability implies continuous dependence ofthe solution on the input data in the case
of problems with a discrete argument. It is easy to see that the definition of stability
in the form (2.16) already relates the solution itself with the a priori knowledge
concerning the input data for the problem. This definition is often more suitable for
analyzing the stability of many problems and more informative than Neumann's
definition. Consider the stability of the scheme (1.12). To this end rewrite the
recursive relation (2.1) as

cpj+ 1 = Tcpj +rf<

where

T=E-rA,

(2.17)

(2.18)

and A is the operator approximating A. The formal solution of the problem (2.17)
has the form

j

cpi+ 1=Tjg+ L Tj- if i - 1•

i= 1

(2.19)

We assume' Gh=Fh, and by estimating the norm of the solution of (2.19) we
obtain

j

. IIcpj+ll1llJh~IITlljllgIlGh+r L IITllj-illfi-IIIFh'
i= 1

(2.20)

We substitute for II f i
-

1
11 under the summation symbol its maximal value for all

j from the fixed time interval. Let

Ilfhtll = max IlfillF,• h
J

IThis assumption is made for the sake of simplicity. Otherwise instead of one norm II Til==
II TII F -41 =SUP'~F (II TfPllotI/llfPll h ) we should introduce two norms: IITII F -41 and II TIIG __ =suP'~GIt" T ..... ,Ii II 1. II h ....,. To.. II

(II TfPllotI/llfPllGJ
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. . 1~ II Tll j
h

IlqJJlIlZJh~ II TIIJllglI Gh + 1-11 Til rllf til·

If we assume that

IITII<I,

(2.21)

(2.22)

then scheme (1.12) will be stable in the sense of definition (2.16). Naturally, (2.22) is
a sufficient condition for stability. More sophisticated conditions could be obtained
using the norms of powers of the step operators II T i II (i = 1,2, ... ,j). Weakening the
condition however brings additional difficulties in the constructive procedure of
ascertaining the stability criterion. As a rule, the sufficient condition (2.22) is used in
practice.

The stability of the implicit difference equations (1.13) and (1.15) may be
considered in a similar way. In these cases we have

" . I-IITll j

II qJJ II lZJh~ II T II J'lIgll Gh + 1-11 T II r'IISII-11 f II F h ,

where for scheme (1.13)

T=(E+rA)-l, S=(E+rA)-l

and for scheme (1.15)

T=(E +1rA)-1 (E-1rA), S=(E +1rA)-1.

It is easy to show that these difference schemes will beabsolutely stable in the sense
of definition (2.16) provided that A > 0 and

IlqJjlllZJ
h
= [L: IqJL12h2Jl/2.

k,1

It may be done using the estimate

II(E+rA)-lll~1 for A~O, r>O

resulting from the relations:

(2.23)

II(E +rA)-lqJI1 2

IIqJII 2 II (E + rA)t/J 11
2

II t/J 11 2 «:
-lit/J 11 2+r((A +A*)t/J, t/J)+ r 211At/J 11 2~ 1

and from the following theorem (which is very useful in the stability analysis of many
schemes).

THEOREM 2.1 (KELLOGG [1963]). If the operator A acting in real Hilbert space q> is
positive-semidefinite and the numerical parameter a is nonnegative, then

II(E -uA)o(E +o"A)-lll ~ 1. (2.24)
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Indeed, introduce the notation T = (E - oA)' (E +oA) - 1. Then we have

II 11
2 «E-oA)(E+oA)-l<p, (E-oA)(E+oA)-l<p)fll

T =sup ----------------......:...
~ (<p, <P)fll

((E - (JA)t/!, (E - (JA)t/!)fll
= sup ---------"-

'" ((E+(JA)t/!,(E+(JA)t/!)fll

_ (t/!, t/!)fll - 2(J(At/!, t/!)fll + (J2 (At/!,At/!)fll 1
-sup 2 ~ .

-'" (t/!, t/!)fll +2(J(At/!, t/!)fll + (J (At/!,At/!)fll

REMARK 2.1. In the case when A> 0 and (J> 0 we would have instead of (2.24) the
inequality of the kind

II(E-(JA)(E +(JA)-lll < 1. (2.25)

Discuss briefly the limit transitions. In solving the difference analogues of the
evolutionary problems of mathematical physics we have to consider approxi­
mations in time with step r as wellas in space with characteristic step h. This means
that the transition operator T= T(r, h) depends both on r and on h.

The construction of a stable algorithm for a given approximation method is
usually reduced to establishing the relation between rand h which ensures the
computational stability. If the difference scheme happens to be stable for any r > 0
and h > 0, then it is declared absolutely stable. And ifthe scheme happens to be stable
only in the case where there is a certain relation between rand h then such a scheme
is called conditionally stable.

Assume that rand h are related according to the inequality

(2.26)

where C and p are given constants independent of rand h. It is worthy to note that
such relations are usually established while considering the amplitudes of the
"shortest" perturbation. As a rule they reflect the connection between the minimal
spatial and time scales of the phenomena simulated by the difference scheme.

Of course, large perturbations (say,of the order of several h)willthen be described
more precisely.

Suppose that we need to increase the accuracy of the solution formally by
decreasing the grid step h. Then we must decrease simultaneously the time step r so
that the above inequality is again satisfied with these new parameters. This means
that we may even allow the limit transition as r~O and h~O if we satisfy the
condition (2.26), for example, in the form

r/hP = const ~ C.

Along with the above definitions of the computational stability other definitions
are used in the literature allowing the expansion of the class of difference schemes
which are of interest in applications. For example, the scheme is called stable if

II T II ~ 1+O(r), (2.27)
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(2.28)

For small r such a definition allows for the exponential growth of round-off errors in
time.

Note that if the approximation of the evolutionary equation is studied in the
spaces of grid functions defined in Q h x Qt then it is useful to give the definition of the
stability in terms ofthe same spaces. Indeed, let the difference problem have the form

L htmht= f ht . Q Q
rr In h x t'

IhtqJ ht = ght on oQhX Qt'

We introduce the stability criterion in the form:

II qJht II Illhr~C1 II I" II Fht +C211 e" II Ghr' (2.29)

where C1 and C2 are constants on the interval O~t~ T independent of h, t.f" and
ght.

Assume that the original problem is approximated by the difference equation with
the boundary conditions already taken into account. Then it is convenient to
introduce the stability criterion in the form:

II qJht Illllhr~CII I" IIFht'

where C is bounded on the interval 0~ t ~ T.

(2.30)

3. Convergence

We turn now to the formulation of the major result in the theory of the finite
difference algorithms: the convergence theorem. The study of the convergence of the
difference solution to the solution of the original problem for the stationary and
evolutionary problems of mathematical physics is based on the same principles.
This allows us to follow the main idea of the proof on the example of the stationary
problem (1.1) which is approximated by the differencescheme(1.2) (i.e., by the system
of equations approximating both the equation and the boundary condition of (1.1».

The following convergence theorem is valid (GODuNov and RYABENKH [1970],
FILIPPOV [1955]).

THEOREM 3.1. Let the following conditions hold:
(1) The difference scheme (1.2) approximates the original problem (1.1) on the

solution qJ with order n.
(2) Ah and ah are linear operators.
(3) The differencescheme (1.2) is stable in the sense of(2.29), i.e. there exist positive

constants Ii, Cl' C2 such that for all h < Ii, fh E Fh'gh E G; there exists a unique solution
qJh of problem (1.2) which satisfies the inequality

II qJh Illllh~C111 fh II Fh+C2 11l 1l G
h

• (3.1)

Then the solution of the difference problem qJh converges to the solution qJ of the
original problem, i.e.,

lim II (qJ)h - qJh II III = 0,
h-O h
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when the following estimate for the convergence rate is valid

II (<p)h-<phll fll"~(C1M 1 +C2M2)h",

where M 1 and M2 are the same constants as in (1.3).

(3.2)

PROOF. Let Fi be the constant introduced in the definitions of approximation
and stability. The stability implies that for any right-hand sides fh and l for h< Fi
there exists a unique solution <ph, i.e. for h < Fi we may consider the difference
(<P)h - <ph. Since A h is linear we have

Ah[(<P)h - <ph] = Ah(<p)h - Ah<ph = Ah(<p)h - fh.

Similarly,

ah[(<p)h _ <ph] = ah(<p)h _ gh.

Since h < Ii, owing to the stability and approximation of the relations

Ah[(<P)h - <ph] = Ah(<p)h - fh,

it follows that

(3.3)

(3.4)

II (<P)h - <ph II flllr~C111 Ah(<p)h - [" II Fir+C2I1 ah(<p)h_gh IIG
Ir

~C1M1h"1 +C2M2h"2~(C1M1 +C2M2)h".

While obtaining the last inequality we may suppose without loss of generality that
h<1.

In the case of the evolutionary problem consider

'6fht =Lht[(<P)ht - <pht] =Lht(<P)ht - [!",

'6lt =[ht[(<P)h - <pht] =[ht(<p )ht _ ght.

From (3.4) and from the stability condition (2.29) we have

II (<p)ht - <pht IIfllht ~ C1 II '6fht II Fht + C211 '6ght liGht,

or, taking (1.17) into account,

II (<p )ht - <pht II fllh" ~ K 1 b"+ K 2 r P
,

where

(3.5)

K 1=C1M 1+C2M 2, K 2= C1N1+C2N 2·

Estimate (3.5) proves the convergence of the difference solution to the exact one
and gives a clear comprehension of the convergence with respect to the spatial grid
step h as well as to the time step r. D

The assumptions of the theorem include the rather rigid requirement that C1 and
C2are independent ofh and r. The condition that C1and C2must be independent of
h isespecially unpleasant since in some cases C1 and C2 may tend to infinity as h --+ O.
Let
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(4.1)

where m~ O. The rate of convergence of the approximate solution to the exact one
will then be estimated as follows:

II (qJ)ht - qJht IIll1
n

• ~Mhk-m+N1: Ph- m.

If kz-m and !p(J-m~oas 1':~O, h~O, then the convergence takes place. Of course,
the convergence theorem can be formulated even in the case when C1 and C2 depend
both on hand r.

4. The Crank-Nicolson scheme

The Crank-Nicolson scheme will playa significant role in the next chapters. So we
shall consider this scheme in more detail.

Consider the evolutionary equation

qJ=g in Q for t=O,

where A ~O (i.e. (AqJ, qJ)~O) and the solution qJ is sufficiently smooth. We shall
assume that the solution satisfies certain boundary conditions on oQ. We shall
assume as well that (4.1) already presents the finite difference approximation to the
corresponding original evolutionary problem in all variables excluding t (i.e. A is
a matrix, qJ is the grid function depending on t, etc., as we specified above, the index
"h" of A, qJ, Q and other symbols will be often omitted for the sake of simplicity).
Suppose first that A does not depend on t. Then it is easy to check that the difference
equation of the form

(4.2)

(4.3)

approximates problem (4.1)with second-order accuracy in 1:. This difference scheme,
as was already noted, is usually referred to as the Crank-Nicolson scheme. It is of
interest to note that scheme (4.2) is the result of alternately applying explicit and
implicit first-order schemes written on the intervals tj~t~tj+1/2 and tj+1/2~t~

tj~ 1 respectively (provided that A is a linear operator independent of r):

qJj+ 1/2 _ qJj .

1 +AqJJ=O,
21:

m j+ 1 _ qJj+ 1/2
-r 1 +AqJJ+l=O.

21:

Excluding the unknowns qJj+ 1/2 from this system of difference equations wecome to
the Crank-Nicolson scheme.

Assume that the operator A is independent of time and is approximated in the
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problem (4.1) by the difference operator, which will be denoted by A. Then we will
deal with the problem in linear algebra of the form

qJj+ 1 _qJj . qJj+ 1 + tp!
r +AJ 2 =0, qJ0=g, (4.4)

where

(AjqJ, qJ)~O

for all functions from the subspace tP.
Resolving (4.4) with respect to qJj+ 1 we obtain

qJj+l =(E+trAj)-l o(E-trAi)qJj,

qJj+ 1 = TjqJj,

where T j is a step operator:

Tj=(E+!rAj)-l o(E - trAj).

(4.5)

(4.6)

(4.7)

(4.8)

In order to prove the computational stability we need not to estimate the norm of
the step operator tv. Taking the inner product of (4.4) and t(qJj+ 1 +qJj) we obtain

(qJj+1, qJj+l)tlJ-(qJj, qJj)tlJ+(AjqJj+l+qJj qJj+l+qJj) =0
2r 2 ' 2 tlJ' (4.9)

If A j is positive-semidefinite, then

and, therefore,

IlqJj+ IlltlJ~ IlqJjlltlJ,

i.e., the scheme is stable.
If the operator Aj is skew-symmetric, i.e., the following equality holds:

(AjqJ, qJ)tlJ=O,

then we have instead of (4.10) the equality

II qJj+ Ill tlJ = II qJj II tlJ ·

And so here

(4.10)

(4.11)

(4.12)

(4.13)

We now consider the approximation with the Crank-Nicolson scheme in the case
where the operatorA is time-dependent. We define the operator L by the equality

LqJ =oqJjot +AqJ

and the operator L, by the equality

. (qJ)j+ l_(qJ)j .(qJ)i+ 1 +(qJ)j
(LtqJ)J = r +AJ 2 '

(4.14)

(4.15)
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where (cp)j is the projection ofa function cp on the grid Qr. Further, we introduce the
norm

(4.16)

where II-II is some norm in the space to which (Lrcp)j belongs. In order to estimate the
norm (4.16) weexpand the solution ofthe original equation (4.1) into a Taylor series,
and we have:

(cp)j + 1 = (cp)j + -r(CPt)j + !-r2 (cptt)j + ....

Taking into account the obvious relations

CPt = - Acp,

CPu = A 2cp - Atcp,

where At = cAlct, we transform Taylor series (4.17) into the form

(cp)j+ 1 = (cp)j --rAj(cp)j +!-r2[(Aj)2(cp)j - A{(cp)j - ... ].

Substituting (4.19) into (4.16) and taking into account (4.15) we obtain

II (f- Lrcp) II c"

= max II Aj(cp)j- Aj(cp)j+t-r {(Aj)2 - A{ - A j Aj}(cp)j + O(-r 2 ) II,
t .
J

where f j is the right-hand side of (4.4) which, in this case, equals zero.
If we choose as the approximation of the operator A the operator

Aj=Ai=A(t),

then it follows from (4.20) that

lI(f-Lt cp )llc,, = ! -r max IIA{(cpYIi +O(-r2
)

tjEQ"

(4.17)

(4.18)

(4.19)

(4.20)

(4.21)

and we have the first-order approximation. Note that in the special case where A is
independent of t the approximation in the form (4.21) ensures second-order accuracy
in r.

Suppose now that the approximating operator has been chosen in the form

Aj=Aj+t-rA{.

In this case we have

(4.22)

Note that the approximation with the Crank-Nicolson scheme will also have
second-order accuracy in r if the operator Aj is chosen in the form

(4.23)

or

(4.24)
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(4.25)

The three forms (4.22), (4.23) and (4.24) of the approximation of the operator
A ensuring second-order accuracy are used in various applications, in particular in
numerically solving the quasi-linear equations.

We now consider the inhomogeneous equations

oqJjot +AqJ = f in Q x Qt,

qJ=g in Q for t=O.

(4.26)

(4.28)

The difference approximation to problem (4.25) based on the Crank-Nicolson
scheme has, under the assumptions formulated above, the form

qJi+ 1_ qJj .qJi+ 1+ qJj
----+AJ r.

-r 2

where

f j = f(t j + 1/2)·

It is not difficult to check that the difference problem (4.26) approximates (4.25)
with second-order accuracy in r. Write the solution of problem (4.26) in the form

qJj+ 1= Tj qJj + -r(£ +t-r A j)- 1f j. (4.27)

From (4.27) it follows that

IIqJi+ 111tS»~ II Tjll-IIqJjlltS» +-rIl(£+t-rAi)-lll"1I fjllr

Since -r > 0 and

(AjqJj, qJj)tS»~O,

we obtain

II Tjll ~ 1,

11(£ +t-rA i)-III ~ 1.

Therefore, (4.28) leads to

IlqJj+ liltS» ~ II qJjlltS» + -r II t' II F·

Taking

(4.29)

(4.30)

(4.31)

II qJ0 1ItS»= IIgll, II f II =max II fjllF
j

and using the recursive relation (4.31) we obtain

II qJjlltS» ~ IIg II + jt II f II, jt ~const. (4.32)

Thus relation (4.32) proves the stability of the difference scheme. Besides, this
relation presents the a priori estimate for the norm of the solution.

Thus we have introduced some concepts which will be used in considering the
splitting and alternating direction methods. Besides, we have shown how to reduce
this problem using the finite difference method and approximating the original
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(4.33)

(4.34)

(4.35)

evolution problem in all variables (excluding t) to the solution of the system of
ordinary differential equations of the form

oqJjot +AqJ = f in Qt,

qJ=g for t=O,

which may be solved using splitting or alternating direction methods. (Note that it
is this approach of successive approximation to the problem that is often used in
practice!)

Further, the finite difference method for the approximation of problems has been
chosen here since the present work is devoted mainly to this method. However,
currently systems of difference equations may be obtained in various ways. Thus, the
finite element method also leads to a certain system which may be considered a
finite difference system (STRANG and FIX [1977], BABuSKA [1970], MARCHUK and
AGOSHKOV [1981]). But in this case as a rule we obtain instead of (4.33) the system

BOqJ jot +AqJ = f in Q"

BqJ=g for t=O,

where the matrix B is symmetric positive-definite and presents a Gram matrix (ifthe
original problem has in the main equation a distinguished derivative "oqJjot"). But
here it is often possible to approximately replace this matrix in (4.34) by a certain
diagonal matrix B (with positive elements on the diagonal). As a result from (4.34)
one comes to the problem

BOqJjot +AqJ = f in Qr>

BqJ=g for t=O.

and the order of approximation of the original problem by problem (4.35) remains
the same as while considering the system (4.34) (see STRANG and FIX [1977]). Now
it is easy to notice that by introducing the vector tP = B1/2 qJ and the matrix
A=B- 1

/
2AB- 1

/
2 we may obtain from (4.35) a system of the form of (4.33). And

therefore it is possible to expand the splitting and alternating direction algorithms
described below for problems like (4.34)arising in the finite element method. Note
also that we may arrive at systems of type (4.33) (or (4.34)) if we approximate the
problem in spatial variables using Bubnov-Galerkin or Galerkin-Petrov methods
or some other methods (see MARCHUK and AGOSHKOV [1981]). In this context it is of
interest to formulate the splitting and the alternating direction algorithms for
direct application to (4.33) as it will be done in the sequel.



PART 1

Algorithms for the Splitting
Methods and the Alternating
Direction Methods

In Part 1 of the paper some algorithms will be considered which are widely used
currently for the solution of complex multidimensional problems of mathematical
physics. In order to concentrate on the formulations of the algorithms we will
consider as a basic object for study the evolutionary problem of mathematical
physics given by

alp
-+Alp= f in Q x Qt,at
lp=g in Q for t=O

with a positive-semidefinite operator A (i.e., A ~O or (Alp, lp)~O). We suppose here
that the approximation to the original problem in all variables except t has already
been carried out, Q is a grid domain, A is matrix, lp, t and g are grid functions (see
Section 1). For the sake of simplicity the index hof the grid parameter is omitted. We
suppose that the solution of the problem satisfiesalready given boundary conditions
on aQ, and A and f are constructed with this fact taken into account. Let also the
spaces q, and F of grid functions coincide and, if not otherwise specified, have the
same norm II lp 11 11I = (lp, lp)~/2 •

This problem may also be written in the form

alp jat +Alp = f in Qt,

lp=g for t=O

implying that the first equation isconsidered in Q x Q t and the second in Q x {O}. Let
us agree to use mostly the latter form.

Note that if it is desirable we may consider the above equations as the equations
ofthe original problem with no preliminary approximation, and that the algorithms
formulated below are applied directly to this problem. However, the description
of such algorithms should often be considered as formal and their theoretical
grounding in such cases is far more complicated.
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Componentwise Splitting
(Fractional Steps) Methods

The splitting (fractional steps) methods are based on the idea to split a complex
operator in a sequence of the simplest ones and as a result to reduce the integration
of the initial equation to successively integrating equations of a more simple
structure. Since the splitting schemes must satisfy the conditions of approximation
and stability only on the whole, we have the possibility for a flexible construction of
the schemes essentially for all basic equations of mathematical physics.

5. The splitting method based on implicit schemes of first-order accuracy

Consider the problem

alp/at + Alp = 0 in Qt,

lp=g for t=O,

where

(5.1)

(5.2)

(5.3)

GE= 1

Suppose that operators AGE are time-independent. The splitting algorithm based on
using implicit schemes of first-order accuracy in r (MARCHUK [1980], p. 269) has
the form:

lpj+ l_lpj+(n-l)/n

~-----+Anlpj+l=O,
r

j=O,I, ... ,

lp0=g.

This algorithm is absolutely stable, and the system (5.3) approximates problem (5.1)
with first-order accuracy in r (MARCHUK [1980], p. 270).
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REMARK 5.1. Let us agree that if there are no special notes the approximation of the
schemes is studied on solutions which are sufficiently smooth.

For the inhomogeneous problem,

Olp/ot +Alp f in Dr,

lp=g for t=O,

the splitting scheme of type (5.3) is

j+ lIn j
lp -lp +A

l
lpj+l/n = 0

r '

j=O, 1,... ,

lp0=g.

(5.4)

(5.5)

This scheme is absolutely stable and has first-order accuracy in r, when the following
estimate holds:

II lpj+ lll<fl~ II 9 lIa + rjmax II fj IIF·
j

(5.6)

The realization of algorithms (5.3) and (5.5) consists of successively solving the
equations of (5.3) and (5.5). And if A is split into All (0::::: 1, .. ",n) so that it is easy to
invert the operators (E + rAil) (for example, if All and (E + rAil) are three-diagonal or
triangular matrices), then it is easy to find an approximate solution lpj+ 1 of the
problem corresponding to t = t j + 1 .

Algorithms (5.3) and (5.5) permit obvious generalizations in the case, where A is
time-dependent. Then, in the cycle of computations of the splitting scheme, instead
of A, a suitable approximation Ai of A should be taken on each interval tj~ t ~ tj+ I"

6. The componentwise splitting method based on Crank-Nicolson schemes:
The case A =A l +Az

We suppose that the operator A = A(t) in (5.1) is representable as the sum of two
positive-semidefinite matrices:

A(t)=A1(t)+A2(t), Al(t)~O, A2(t)~0, (6.1)

which are sufficiently smooth along t-elements. We consider the approximation of
these matrices on the interval tj~t~tj+l in the form

A1=AII(tj+1/2)' 0:=1,2. (6.2)
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The componentwise splitting scheme for problem (5.1) (MARCHUK [1980J, p. 256)has
the form

(6.3)

j=O, 1,... ,

cpo=g.

By excluding auxiliary functions cpj+ 1(2 the system of difference equations (6.3) may
be reduced to one equation,

where

Ti =(E+}r A~)-I(E-}rA~)

o(E+trA{)-I(E - }rA{).

Assume that
1. .
2 r II A~ II < 1, C( = 1, 2.

(6.4)

(6.5)

(6.6)

(6.7)

Then scheme (6.3) is absolutely stable. It has a second-order approximation in t if
A{ and A~ commute, and a first-order approximation in t if they do not.

Indeed, expanding the operator T i into a power series in t we obtain

Ti = E -rAi+}r2((A{)2 + 2A~ A{ +(A4)2)- ....

If the operators A~ commute, that is if A{A~=A~A{, then this expansion may
be written as

Ti=E-rAi +tr2(Aj)2 - ....

Then (6.4) may be represented as follows:

cpi+ 1 = cpi_ rA i cpi+ !r(A i)2 cpi_ ...

or

Substituting the expression rAicpi from (6.7) into the last equality we have

Comparing this scheme with the Crank-Nicolson scheme (1.15) we conclude that
the order of approximation of (6.3) differs from the order of approximation of(1.15)
by a quantity O(r 2 ). Hence, the scheme (6.3) has a second-order approximation in
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(6.8)

t in the case A iA ~ = A ~ Ai and only a first-order approximation in r in the case
A{ A~ :#A4 A{.

The absolute stability of scheme (6.3) follows from the inequality,

II Tjll ~ II(E+trA~)-I(E -trA4)1I

°11(E + !rA{)-I(E-irA{) II.

and from the estimates

II(E+tr A~)-I(E-tr A~)II = II(E-!r A~)(E+ir A~)-lll ~ 1,

resulting from Theorem 2.1.
Realization of scheme (6.3) can be carried out in the following way:

~j+ 1(4 = (E - ir A {)q>j,

(E +!r Ai)~j+2(4 = ~j+ 1(4,

~j+ 3(4 =(E -trA~)~j+2(4,

(E +ir Anq>j+ 1 = ~j+ 3(4.

j=o, 1•...•

q>0=g.

If A is split into Al and A 2 in such a way that the effective solution of the equations
with matrices (E - ir Ai) is possible, then the realization of the whole algorithm will
also be effective.

REMARK 6.1. To formulate scheme (6.3) with a varying time step it is enough to
substitute t in (6.3) and (6.8) for r j = t j + 1 - t j "

7. Multicomponent splitting of problems based on Crank-Nicolson schemes

We suppose that in (5.1) we have

(7.1)

We introduce on the interval tj~t~tj+l the approximations Aj of the operators
A1 so that

n

Ai = I A~, A~~O.
a=l

(7.2)

The multicomponent splitting scheme based on elementary Crank-Nicolson
scheme is the system of equations of the form

(E + ir Aj)q>j+a(n =(E - tr A1)q>J+(a-I)/n,

cx=1,2,...• n, j=O,1•... ,

q>0=g.

(7.3)
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In the case where A~ ~O are commutative and

A1= AG!(tj+ 1/2) or A~=1(Aa(tj+ 1)+ Aitj)), (7.4)

the given scheme is absolutely stable and has a second-order approximation in t.

For noncommutative operators A1 scheme (7.3) will be, generally speaking, the
scheme of first-order accuracy in r (MARCHUK [1980], p. 266-267).

8. A general approach to componentwise splitting based on elementary
Crank-Nicolson schemes

Let for problem (5.1) the assumptions (7.1) hold where the AG! are time-independent
and the solution qJ is sufficiently smooth in time. Suppose that (5.1) is approximated
in a weak sense (weak approximation will be studied in Part 2 ofthis paper) on each
interval OJ={tF::::;;t~tj+d by the problem

oqJG!/ot + AG!qJG!=O in OJ,
. .+ 1 (X = 1,... , n.

qJ~=qJ~-1 for t=tj , (8.1)

We introduce the notations:

m j + 1-m j + 1
-r n -'t' • (8.2)

(8.3)

Applying a Crank-Nicolson scheme to each of the equations in (8.1) we obtain the
system of difference equations:

qJj+G!/n _ qJj+(G!-I)/n qJj+G!/n +qJj+(G!-I)/n

r +AG! 2 =0, (X=I, ... ,n,

where

(8.4)

We suppose that each operator Aa is in its turn representable in the form
mlZ

AG!= L AG!p
p=1

where AG!p ~O.

(8.5)

(8.6)

REMARK 8.1. The question arises: Is it worthwhile to split first the operator A into AG!

and then in turn the operators AG! into AG!p? Is it not easier to represent the operator
A as a set of operators AG!p right away? In this context it should be remarked that
though these two approaches seem equivalent, in many cases it is more convenient
first to decompose a complex problem of mathematical physics into simpler ones
which further can be independently reduced to elementary problems.

Taking into account (8.5)we state for system (8.1) the following splitting scheme
m j+ p/mG! _ m j+(P-l)/mG! m j+ p/mG! + mj+(P -1)/mG!
rr « -r a +A p't'G! -r a =0

t G! 2

(X=1,2, ... ,n, {J=1,2, ... ,mG!'
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This scheme approximates system (8.1) with second-order accuracy in T, if the
operators AG!p commute (MARCHUK [1980J, p. 274). This result remains true in the
case where operators AG!p are time-dependent. In this case it is necessary to construct
a second-order approximation in T of the operators Aap:::::: A1p on each interval
tj~t~tj+1'

9. A general formulation for the splitting method based on multi-level schemes

Consider the problem

oqJ jot +AqJ::::::f in Q"

qJ = g for t:::::: 0,

where
n

A(t) = L Aa(t)
a"'1

(9.1)

is a representation of the operator A(t) as the sum of n operators A 1, ... ,An.
Approximate the operators A 1, ... , An by operators A1p on the interval tj~ t ~tj+ 1

in such a way that the operator EiJ",oA1p approximates the operator AG!' We write
the following splitting scheme:

(9.2)

.i.t» 1 j+(n-1)/n
'Y -qJ +A j mj+AJ mj+l/n+.oo+Aj mj+1=F

nO rr ,,1 rr nn Y n'
t

where

and the sum 1::"'1 B; approximates the identity operator E. Notice that if

A!p=O for IX<P-l, (9.3)

then we obtain a two-level splitting scheme. In particular, the homogeneous
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two-level scheme (1==0, F (I = 0, A(lfl = 0 for rJ. < P- 1) has the form

j+k/n j+(k-I)/n
qJ -qJ +A mn+(k-I)/n+A mj+k/n=Okk-Iy kky ,

t

k= 1,2, ... ,n.

(9.4)

If the operators Afk and Af.k -I are commutative, then the scheme (9.4)
approximates problem (9.1) and is stable provided that

IICnCn- 1". C11I ~ 1+const t,

where

C, =(E+ rAfk)-I(E- rAfk-.),

k = 1,2, ... , n

(see YANENKO [1967J, p. 151).

(9.5)

REMARK 9.1. It follows from (9.5) that for the stability of the whole scheme the
stability of each elementary scheme from (9.4) is not necessary at all.

REMARK 9.2. In the case where all operators A~p and B(I are commutative the
statements about the approximation of scheme (9.2) and its stability (and therefore
the convergence conditions; see Theorem 3.1 in the Introduction) may beformulated
as well.

REMARK 9.3. In scheme (9.2) the operators A~p may have an arbitrary structure
including difference, differential and integral-differential operators. The schemes of
type (9.2) were developed in the works by YANENKO [1960, 1967J and by MARCHUK

and YANENKO [1966J in which the theory and applications of such schemes are
studied in more detail.

REMARK 9.4. Ifwe take in (9.2) that Alk = Al is the approximation of operator Ak(t)
(and A~p=O for rJ.-=I=(3) and B(I=O for rJ.<n,Bn=l, then we obtain scheme (5.5).

10. The two-level splitting scheme with weight coefficients

Let the operators A{k-., A{k in scheme (9.2) have the form

j .
Akk=aA~,

Afk-I =(1- lI)Al,

. 0 < II = const < 1,

(10.1)

where Ai is the approximation of the operator Ak(t) on tJ~t~tj+I' and other
operators A{p are zero operators. Then we obtain the splitting scheme with weight
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coefficients

qJi+ lin - qJi +A{ ((1- a)qJJ +aqJi+ lin) = Fl'

t

(10.2)

j = 0,1, ... ,

qJ0 =:;. g.

If we take in (10.2) a =1, then in the case where the operators At are commutative
and At approximates Ak with the order 0(r2 ), the whole scheme {10.2) will have
a second-order approximation in r as well. Besides, if Ai~ 0 then the scheme will be
absolutely stable.

11. The splitting method for systems which do not belong to the
Cauchy-Kovalevskaya class

The splitting method allows a special formulation for systems which do not belong
to the Cauchy-Kovalevskaya class (irregular systems) (see MARCHUK [1964, 1967J,
YANENKO [1967J, MARCHUK and YANENKO [1966]). Let

n

aqJ/at+AqJ+Lt/!=j, A= I Aa
a==l

and

K 1qJ+K2t/!+g=0

be irregular system for which

aqJ/at +AqJ= F, F f-Lt/!

(11.1)

(11.2)

(11.3)

is regular for a given subsystem F. For integrating (11.1) and (11.2) the following
scheme maybe used:

(11.4)

J+1 j+(n-1)/n
qJ -qJ + Ai mJ+AJ mJ+ 1/"+ ... +AJ mi+l=B r> 1

nO -r n 1 -r nn -r n ,
t
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(12.1 )

where the operators A~p and B iX were defined in the formulation of (9.2). While
solving system (11.4) on the last fractional step (i.e., the last equation from (11.4)) it is
necessary to use for definiteness of the algorithm the difference analogue of the
relationship (11.2)

Ki qJj+ 1 +K4lj1j+ 1 +gj+ 1 =0, (11.5)

where x; is the approximation of operator KiX,gj+ 1 approximatesg, and F j+ 1 (from
(11.4)) is the approximation of (f-LljI).

12. Splitting schemes for the heat conduction equation: Local one-dimensional
schemes

We consider some of the splitting schemes that are applied to the heat conduction
equation.

12.1. The splitting scheme for the heat conduction equation in an orthogonal
coordinate system

We consider the three-dimensional problem for the heat conduction equation:

oqJjot- AqJ = 0 in Q x Qt,

qJ=O on fJQ,

qJ=g inQ

where

for t =0,

Qt=(O, T),

(12.2)

Q={(x,y,z): O<x,y,z<I},

g is a given function, and

A=02 jox2+02 joy2 +02 joZ2.

Approximating (12.1) by the finite difference method in variables x,y and z in the
same way as it was done in problems (1.5) and (1.19)and taking into acount the given
boundary conditions from (12.1) we arrive at the matrix evolutionary equation

oqJjot+AqJ=O in Qp

qJ = g for t = 0,

where

A=Ax+Ay+Az,

Ax= -(AxVx)=A b Ay= -(AyVy)=A2, Az= -(AzVz)=A 3 ,

and g and qJ are vectors (qJ = qJ(t) here takes into the account given boundary
conditions). The operator A is considered in the Hilbert space 4'= F with norm
II qJ Il fll = (qJ,qJ)i!2 defined as

(

N X - 1 Ny-I N%-1 )1 /2

IlqJllfll= k~1 l~1 P~1 hxhyhz°qJL.p
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(12.4)

Scheme (5.5) applied to problem (12.1) has the form (YANENKO [1969aJ
j+I/3 j

cp -cp +A
I

CP j + I /3 = 0 ,

r
tp!" 2/3 _ cpj+ 1/3
----~_+A2cpj+2/3=0,

t

cpj+ 1 _ tp!" 2/3
-----+A3cpj+l=0 (12.3)

r '

)=0,1, ... ,

cpo=g.

Each equation from (12.3)may be easily solved by the factorization (sweep) method.
Scheme (12.3) is absolutely stable and has a first-order approximation in t, and
therefore the convergence theorem holds (of the type of Theorem 3.1).

For increasing the accuracy of scheme (12.3) the weighted scheme (10.2) may be
applied (YANENKO [1967J, p. 33)

cpj+ 1/3 _ cpj
----+ A 1((1- (1)cpj +atp!" 1/3)=0,

t

j+2/3 j+l/3
cp -cp +A2((I-l1)cpj+ 1/3 +l1cpj+2/3)=0,

r
j+l j+2/3

cp -cp +A3((I-l1)cpj+2/3+ l1cpj+I)=0,
t

}=O, 1,... ,

cpo=g.

With a = 1- the scheme has a second-order approximation in z, and the whole order
of accuracy of this scheme is O(r 2 +h 2

), where h=max(hx,hy , hz ). It is absolutely
stable. Equations (12.4) again may be solved by a one-dimensional sweep method.

12.2. The splitting scheme for the heat conduction equation in an arbitrary
coordinate system

We consider a problem

ocp/ot + Acp = ° in Q x Qt.

cp = ° on oQ, (12.5)

cp=g in Q for t=O,

where Q is a bounded two-dimensional domain and the differential operator A has
the form

2 02
A = I aij , au= const,

i,j= 1 OXiOXj

au a22 -ai2 >0.

(12.6)
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We introduce in Q a rectangular grid with step hi in the x-direction (i = 1,2) and
the following approximations

A
_ (~ ..q VXl) (' A 02

11 - -all hI lor 11 = -all oxI'

(~Xl + VxJ(~X2+ VxJ (' 02

A 12 =A2l = -a12 4h h lor A 12 = -a12 a a '
1 2 Xl x2

A - (~X2VxJ for A
2 2

= -a
22

~022
22 - -a22 h~ uX2

(taking into account the boundary conditions). We write the following scheme
(YANENKO, SUCHOV and POGODIN [1959J)

(12.7)

which is a special case of the splitting scheme (9.2). It is not difficult to notice that
here in the first fractional step "half" of the operator A, i.e. All + A12' is
approximated, where A 11 is approximated on the time layer j +!- and A 12 is
approximated on the layeri, in the second fractional step the second "half" of A, i.e.,
A2l +A22 , is approximated, where A2l =A 12 again is approximated on the layer
j+!- and A22 is approximated on the layer j+ 1. Scheme (12.7) approximates
problem (12.5) and is stable, therefore the convergence theorem holds.

Under stronger conditions than the ellipticity condition for the three-dimensional
heat conduction equation given by

o<p 3 02 <p-- L aij = O. (12.8)at i,j= 1 OXiOXj

YANENKO [1959b, 1964J suggested the scheme of the form
j+1/6_ j

<p <p +l.A lfl j+ 1/2+A lflj-O
2 11 't' 12't' - ,

r
j+ 2/6 _ j+ 1/6

<p <P + A lfl j+ 1/6 +.lA lfl j+ 2/6_0
21 -r 2 22't' - ,

r
j+3/6 j+2/6

<P - <P +!A
ll<Pj+3/6

+ A 13<Pj+2/6=0,
r

j+4/6_ j+3/6
<P <P +A lflj+3/6+1-A lflj+3/6_0

r 31't' 2 33't' -,

j+5/6 j+4/6
<P -<P +!-A22<Pj+5/6+A23<Pj+4/6=0,r

j+1_ j+5/6
<P <P +An <pj+ 5/6 + !-A

33
<pj+ 1 =0.

r

(12.9)
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This scheme approximates (12.8) and is stable if the matrix with elements bij=aij
for i i=j and bii = !-aii is positive-definite.

12.3. Local one-dimensional schemes

(12.10)

We consider problem (5.1) and system (8.1) which approximates (5.1). If in (8.1) the
operators Aa are one-dimensional differential operators (or their approximations).
then the corresponding difference scheme is also called local one-dimensional
(SAMARSKll [1971], p. 407). Thus. ifin (8.3) the operators Aa are one-dimensional then
this scheme may be called local one-dimensional.

The theory of local one-dimensional schemes for some differential equations is
presented in the works by SAMARSKll [1971] and SAMARSKll and NIKOLAEV [1978].
Here we will consider only one such scheme in application to the following problem
of the heat conduction equation:

a({J/at + A({J f in Q x Qt.

({J Ion = ({J(n(x, t).

({J=g(x) in Q for t=O.

where
n

A= I A a, Aa= -a2/ax;,

a""l

(12.11)

X=(X 1, ... • Xn)EQ= {O<Xa< 1: a= 1,...•n}.

We suppose that problem (12.10) has a unique sufficiently smooth solution.
In the layer tj~t~tj+l we will solve instead of (12.10) the sequence of equations

a({Ja/at + Aa({Ja fa, XE Q, t E OJ

a=l•... ,n. OJ={tj~t~tj+d

with the initial conditions

({Jl(X,O)=g,

({J 1 (x, tj) = ({In(X, tj), j = 1, 2, ... ,

({Ja(x,tj)=({Ja-l(X,t j+1 ), j=O,l, ... , a=2,3, ... ,n,

where we set

({J(x, tj+1)= ({In(X, 's- 1)'

Here the fa are arbitrary functions such that I:~"" 1 fa= f Boundary conditions for
({Ja are set only on the part aQa of the boundary aQ consisting of the sides x, = 0
and x, = 1. We introduce in Q a uniform grid with step h along each variable. Define
the difference approximation of the operator Aa as follows:

A a= -(l\xc<VxJ/h
2

• a= 1,... , n,

Coming from (12.11) to difference approximations of the problems in spatial
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variables (when CPa. and fa. are vectors and Aa. are matrices, Q is a grid domain and oQa.
is the grid on the sides Xa. =°and Xa. = 1) and approximating in t with the help of
a two-layer implicit scheme of first-order accuracy in r as well, we obtain the
following local one-dimensional scheme:

j+ 1 j
CPa. - CPa. A j+ 1 (' ( )----+ a. CPa. =Ja. tj+ l/2r

(12.12)

a = 1, ... , n, j = 0, 1,...

with the initial conditions

(12.13)
j j . 1 2CPl=CPa., J= , , ... ,oCPl = g,

j j+ 1
CPa.=CPa.-l' a=2,3, ... ,n, j=0,1,2, ...

and the boundary conditions
j+ 1

CPa. Iau", = cp(r)(tj+ d· (12.14)

Each problem in (12.12HI2. 14)(for each fixed a)is a one-dimensional first boundary
value problem and may be solved by the sweep method.

In order to find the approximate values of the solution of the initial problem on
the time layer t j + 1 using data from the layer t j , it is necessary to solve successively
a sequence of one-dimensional problems. The local one-dimensional scheme
(12. 12H12.14) is stable in the metrics

II cP II c= max Icpjl
XiEU

(i.e. uniformly stable) with respect to the initial and boundary data and to the
right-hand side.

Ifproblem (12.10) has a unique solution cP = cp(x, t) continuous in Q x Q, and there
exist in Q x Q, derivatives

cP cP 04 cP 03 cP 02f
ot 2' ox;oxf o+ox;' ox;' O~a, f3~n,

then scheme (12.12HI2.14) converges uniformly with rate O(h 2 + r} (it has
first-order accuracy in r and second-order accuracy in h) so that

Ilcpj-cp(tj)lIc~M(h2+r), j=I,2, ... ,

where M = const does not depend on rand h (SAMARSKII [1971], p. 423).

REMARK 12.1. SAMARSKII ([1971], p. 425)presented and studied the local one-dimen­
sional schemes for the parabolic equation with varying coefficients in the domain of
complex shape. The local one-dimensional schemes for the quasi-linear parabolic
equation were considered by FRYAZINOV [1964]. SAMARSKII [1970, 1971] gives
a bibliography of the works devoted to this class of schemes.





CHAPTER III

Two-Cycle Componentwise
Splitting Methods

Let us construct a class of splitting methods, in which the requirement of com­
mutativeness of the operators {Act} in representation A =1::"" lAct is taken off.

13. Two-cycle componentwise splitting methods: The case A = A 1 +A 2

Consider the problem

OqJ/ot + AqJ = 0 in Qt,

qJ=g for t=O
(13.1 )

under the assumptions (6.1). We will approximate operators A 1(t) and A 2 (t ) not on
the interval t j ~t~tj+ 1 (as in (6.3)) but on the interval t j- 1 ~ t ~tj+ 1" Let A~ = Act(tj~

Write the following two systems of the difference equations:

(13.2)

(13.3)

The cycle of computations consists of the alternative application of the schemes
(13.2) and (13.3). Excluding qJj+ 1[2 from these schemes we get on the whole step of
computations

(13.4)

245
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Ti= (E +rrA{ )-I(E + rrA{)(E +rrA~)-l

x (E-trA~)(E +rrA~)-I(E -trA~)(E+trA{ )-1

x (E-trA{)

= E - 2rAi +~2rf(Ai)2 - .. '.

(13.5)

Here and further we suppose that restrictions (6.6) are satisfied.
If AIZ(t)~O, then the system of the difference equations (13.2)-(13.3) is absolutely

stable and scheme (13.4)approximates the initial problem (13.1) with second-order
accuracy in r, provided that the solution q> of problem (5.1)and the elements of the
matrices {Aa(t)} are sufficiently smooth,

Indeed, from the expansion (13.5) of the step operator Tj we conclude that it
coincides up to a quantity of order O(r 2

) with the step operator of the
Crank-Nicolson scheme applied to the doubled time interval. Hence, independently
of commutativeness of the operators {Aa } scheme (13.4) has a second-order
approximation in r,

The stability of the scheme follows from the estimates

II q>i+ 1 II ~ II Ti 1111q>i- 1 II ~ II q>i- 1 II ~ ...~ II g II,

since II Ti 1/ ~ 1 as follows from Theorem 2.1.
For the inhomogeneous problem

oq>jot + Aq> = f in Q"

q> =g for t=O

the two-cycle componentwise splitting scheme has the form:

(E +rrA{)q>i- 1/2 =(E -trA{)q>i- 1 ,

(E + trA~)(q>i -rfi)=(E -trA~ )<pi-1
/
2

,

(E +trA~ )q>i + 1/2 = (E - hA~)(q>i + rfi),

(E + trA{)q>i+ 1 =(E -trA{)q>i+ 1/2,

where fi f(tj). Solving these equations with respect to q>i+ 1 we obtain

q>i+ 1 = Tjq>j-l +2rT{ T~fi,

where

(13.6)

(13.7)

(13.8)

Ti - Tj ri Tj Ti- 1 2 1 b

T~ = (E+trA!)-I(E-!rA~).

Scheme (13.7) approximates problem (13.6) with second-order accuracy in r and is
absolutely stable with the assumptions of Theorem 2.1 (MARCHUK [1980], p. 259).

The system of equations (13.7) may also be written in the following equivalent
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form:

(E + trA{ )c:pJ- 2/3 = (E - trA{ )c:pJ-l ,

(E+ !rA~)c:pJ-l/3 = (E - !rA~)c:pJ-2/3,

c:pJ+ 1/3 = c:pJ-l/3 +2rfJ,

(E + !rA~ )c:pJ+ 2/3 = (E + trA~ )c:pJ +1/3,

(E+!rA{ )c:pJ+ 1= (E -trA{)c:pj+ 2/3,

(13.9)

Excluding unknown quantities with fractional indices we come to the resolved
equation in the form

(13.10)

which coincides with (13.8). In some cases representation of equations in the form
(13.9) is more preferable than in the form (13.7).

14. The two-cycle multicomponent splitting method

Suppose that in (13.1) the operator A has the form A(t)=1:~="1AGI(t), AGI(t)~O. Let
n

A - " AJ- '- G1'
G1'" 1

where all operators A~ are positive-semidefinite: A~ ~ O.
Consider the special construction of the splitting method which solves the Cauchy

problem for the positive-semidefinite and noncommutative operators A~ and has
a second-order approximation. It appears to be in some sense the complete solution
ofthe splitting problem. To construct such a scheme it is necessary to replace (7.3)by
the scheme

n

c:pj = n T~ql-l,
G1=1

1

c:pj+ 1 = n T~c:pj,

G1=n
(14.1 )

where

T~ =(E +trA~)-I(E- trA~).

This means algorithmically that first we solve the system of equations (7.3) on the
interval t j _ 1 ~ t ~ tJ for a = 1, 2, ... , n and then the same system on the interval
tJ ~ t ~ t j + l' but in the backward sequence (a = n,n- 1, ... , 1):

(E + trA~)c:pj+G1/n-l = (E _1rA~)c:pJ+(G1-1)/n- t, a = 1,2, ... , n,

(E + trA~)c:pj+ 1-(G1-1)/n = (E - trA~)c:pj+ I-G1/n, a = n, n -1, ... 1.

Obviously, for the whole cycle (14.2) we have

q,j+ 1 = TJq,j-l

(14.2)
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(14.3)

(14.5)

(14.6)

(15.1 )

n 1

Tj = n ti- n T! =E - 2rAj + 1(2r)2(Aj)2 +0(r 3 ).

a=l a=n

Thus, on the interval t j- 1~t~tj+1 scheme (14.2) has second-order accuracy in r,
provided that we take as A~ one of the next two operators:

. r 0
A~ = Aa(tj)+i ot Aa(tj)'

. 1
A~ =2(Aa(tj+ d+ A(J(tj)). (14.4)

Besides, scheme (14.2) is absolutely stable for A~ ~O (MARCHUK [1980], p. 268).
For the inhomogeneous problem (13.6) where A(t)~O and

n

A(t)= I Aa(t), Aa(t)~o
a=l

on the interval tj- 1~t~tj+1 the two-cycle multicomponent splitting scheme has
the form:

(E + hA{)qJj-(n-1)!n = (E -trA{)qJj-l,

(E+ trA~)(qJj-r/ j)=(E -trA~)qJj-1/n,

(E+!rA~)qJj+ l!n =(E-trA~)(qJj +r/j
),

(E +!rA{ )qJj+ 1 =(E - trA{ )qJ+(n-1)!n,

where

A~ = Aitj)'

It is not difficult to see that this scheme with the necessary smoothness assumption
has second-order approximation in r and is absolutely stable (MARCHUK [1980], p.
269).

In the same way as in the case n= 2, the multicomponent system of equations
(14.5) may be written in an equivalent form

(E + trAa)qJj-(n + 1 -a)!(n + 1) = (E _ !rAa)qJj-(n + 1 -Gt+ l)!(n + 1),

a= 1, 2, ... .n,
qJj+ l/(n+ 1) = qJj-1/(n + 1) +2r[j,

(E + trA
n

-
a

+ 2 )qJj+a!(n + 1) = (E - trA
n
-a+2)qJj+(a-O/(n+ 0,

a = 2, 3, ... , n + 1.

15. The two-cycle componentwise splitting method for quasi-linear problems

Consider an evolutionary problem with operator A which depends upon the time
and upon the solution of the problem

oqJ/ot+ A(t, qJ)qJ = 0 in Q x Q t

qJ=g in Q for t=O.
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Suppose that A(t, q» is nonnegative, sufficiently smooth and has the form

n

A(t,q»= I Aa(t,q», Aa(t,q»~O.
a= I

(15.2)

Suppose further that the solution q> is also a sufficiently smooth function of time.
Consider on the interval tj- l :;;;;'t~tj+l the splitting scheme

q>j+l/n-l_q>j-l . q>j+l/n-l +q>j-l

------+A{ =0,
r 2

(15.3)

(15.4)

q>j+ 1 _ qI+(n-ll/n . cpi+ I + q>j+(n-ll/n
r +A{ 2 =0,

where

Aj=A(tj,qi),

rpj = q>j-l _ rA(tj-l, q>j- I )q>j-l,

r=tj-tj_ l·

It may be proved by methods used earlier for linear operators depending only upon
time that splitting scheme (15.3) under conditions (15.4) has a second-order
approximation in r and is absolutely stable. The splitting method for inhomo­
geneous quasi-linear equations is defined in a similar way. This opens up broad
vistas for applications of the componentwise splitting schemes to the nonstationary
quasi-linear problems in hydrodynamics, meteorology, oceanology and other
important fields of natural sciences.

16. A general approach to the two-cycle componentwise splitting method

We saw in Section 8 that, if the evolutionary problem (5.1) where A=I:~=IAa is
reduced to partial problems (8.1) and these are then regarded as the set of new
evolutionary problems, then the approximation to the initial problem (5.1) will be of
first-order accuracy in r if at least one of the elementary evolutionary problems is
reduced to a difference scheme of first-order accuracy. But, ifeach such problem has
a second-order approximation, then in the framework ofthe two-cycle procedure on
a and f3 we obtain an approximation of second-order accuracy in r. Note, that if the
operators Aap are noncommutative then, without the two-cycle procedure, we
obtain a first-order approximation to problem (5.1). In this case the initial problem
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will be the following:
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n

Otp/ot+ I Aatp=O in QX(}j,
a"'1 (16.1)

for t=tr

Reduce problem (16.1) to the system

11=1,2, ... ,n. (16.2)

Let Aa=1:p~1 Aap. Then we will solve each problem in (16.2) with the two-cycle
method:

f3 = 1, 2, ... , rna'
(16.3)

Initial conditions for each system in (16.3) will be respectively taken in the form

" "+ 1
tp~ = tp~ - 1, 11= 2, ... , n.m j -mj

."1-.,,, (16.4)

It is not difficult to check that on the interval tj~t~tj+1 problem (16.3)
approximates problem (16.2) with accuracy up to 1:

2
•

In order to obtain the solution of problem (5.1) with accuracy up to 1:
2 it is

necessary to alternate the basic cycles as well. So instead of (16.2) on the interval
t j - 1 ~ t ~ t j there should be

(16.5)

and on the interval t j ~ t~ t j+ 1

otpa/ot+An-a+1tpa=O, 11=1,2,,,.,n,

m j -",J m j -mj + 1 N> 1.,,1-<p, "'a-."a-1, \A. •

tpj+1=~+1.

(16.6)

It is supposed that each ofthe problems (16.5)and (16.6) is solved with the two-cycle
method of the kind (16.3). Note that with Aap~O the componentwise splitting
method is absolutely stable.
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Let us give the general splitting scheme for the inhomogeneous equation

n

OlfJ/ot + L AalfJ f,
a=l

lfJ=g for t=O

on the interval t i : I ~ t ~ t j+ I based on the two-cycle method.
On the interval t l : I ~ t ~ t j we set

OlfJjot + AalfJa =0, (X = 1, 2, ... , n -1,

OlfJn/ot+ AnlfJn- f+ !rAnf;

and on the interval t j ~ t ~ t j + I

OlfJn+ l/Ot+ AnlfJn+ I -f--hA,J,

OlfJn+a/ot+ An- a+IlfJn+a =0, (X=2, 3, ... , n

(16.7)

(16.8)

(16.9)

provided that

lfJI (t j_ d= lfJ(tj- I),

lfJa+l(tj-d=lfJa(tj), (X=1,2, ... .n

and, respectively,

lfJa+l(tj)=lfJa(ti+ I), (X=n+l, n+2, ... ,2n.

(16.10)

(16.11)

Using now Crank-Nicolson schemes for solving equations (16.8)~(16.11)on the
interval tj- l ~t~tj+l withf fi we obtain the systems (14.5) for (16.9).

Along with the system of equations (16.8) and (16.9) let us consider the following.
On the interval tj - l ~ t~ tj

0lfJt!ot+A 1 lfJI =0,

(16.12)

on the interval t j- l ~t~tj+ I

OlfJn+l/Ot f,

and on the interval tj~t~tj+l

OlfJn + 2/ot +AnlfJn + 2 = 0,

OlfJ2n+ l/Ot +A I lfJ2n+ I =0.

The initial conditions for system (16.12) will be

lfJ I (tj- d = lfJ(tJ- I)'

lfJa(tj-l)= lfJa-1(t j) (X = 2, 3, ... , n;

(16.13)

(16.14)

(16.15)
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(16.6)

for equation (16.13)

CPn+ 1 (t j _ d= CPn(tj~

and for the system of equations (16.14)

CPrAtj ) = CPrl-l (tj+ 1)' a= n+2, n+3, ... , 2n+ 1. (16.17)

The approximation and the stability of these schemes ensure the convergence of
the approximate solution to the exact one (see Introduction).

17. The two-cycle componentwise splitting scheme for the heat conduction equation

Consider the two-dimensional heat conduction problem

ocplot-Acp f in Q x a;
cP=o on oQ,

sp = g in Q for t = 0,

where

(17.1)

Q= {O<x,y< I}, Q t = {O < t < T < 00 }.

(17.2)

(17.3)

Introducing the grid with steps hx = IINx' h; = IINy along the x- and y-direction
respectively and approximating problem (17.1) as it was described in the Introduc­
tion, we obtain the matrix evolutionary problem

ocplot+Acp f in Q x a;
cp=g in Q for t=O,

where cp, f, g are vectors and A is a matrix:

A=A1 +A2,

Al =Ax= -(AxVx)/h~, A 2=Ay= -(AyVy)/h;.

We suppose that the boundary conditions are taken into account in (17.2) and that
Q is the grid domain consisting of the internal grid points of the initial domain.

The operators A rl , a = 1,2, in (17.2) are positive-definite, Al > 0, A 2 > 0, so with
A1=AbA2=A 2 the two-cycle componentwise splitting scheme (on the interval
tj-l ~t~tj+d

(E +"hA 1)cpj-l/2 = (E -!'rA1)cpj-l,

(E +:hA2)(cpj - ifj) = (E - :hA 2 )cpj-l/2 ,

(E+!rA 2)cpj+l/2= (E-trA2)(cpj+rfj),

(E + lrAdcpj + 1 =(E -~rAdcpj+1/2,

j=O, 1,... ,

cpo =g
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is absolutely stable and has a second-order approximation in T for smooth solutions.
Equations (17.3) may be written in componentwise form as follows:

( T) '-1/2 T(;:j-l/2 ;:j-1 /2)_ '-1
1+ h; ~l., -2h~ ~k+l,l +~k-l,l -FL ,

(
1+ ~);:j+1/2 _~(;:j+1/2 + ;:j+~/2)=Fj+1/2h2 ~k,l 2h2 ~k,l+ 1 ~k,l 1 k,l,

y y

where

pj- 1/2 = (1-~) ;:j-1/2 + ~(;:j-1/2 + »i: !J2)
k,l h2 ~k,l 2h2 ~k,l+ 1 ~k,l 1 ,

y y

(17.4)

n: 1 = (1-~);:j+ 1/2 +~(;:j+ 1/2 + it: 1/2).
k,l h2 ~k,l 2h2 ~k+ 1,1 ~k 1,1

x x

Note, that the right-hand sides in (17.4) are calculated explicitly. Thus we deal here
with a system of equations represented in the form of three-point schemes, and the
solution of these equations may be easily and effectively obtained by the sweep
method.

The two-cycle componentwise splitting method is used for solving parabolic
equations in the papers by MARCHUK [1967], MARCHUK and SARKISYAN [1980] and
others.

Note that in the paper by MARCHUK and KUZIN [1983] (see also Chapter XIV)
this method is used for the realization of the finite element approximations of
a two-dimensional parabolic equation with mixed derivatives. It is proved that the
scheme is stable and has a second-order approximation.





CHAPTER IV

Splitting Schemes with
Factorization of the Operators

18. Schemes factorizing the operators

Consider the evolutionary problem

ocp/ot + Acp -fin Q x Qt,

(18.1)for t=Ocp=g inQ

cpEq" fEF,

where q, and F are Hilbert spaces and the difference operator A does not depend on
time. Suppose that problem (18.1) is solved using a time difference scheme which
may be written in the form:

Bcpi = Fi, i> 1, 2, ... , (18.2)

where Fi = Fi(cpi-l, cpi-2, ..• ; '1:) is a given function of '1:, cpi- l, ~-2, •.• (in case of
a two-level scheme Fi = Fi('I:, cpi- l) and B is some operator constructed in such
a way that it allows a factorized representation

(18.4)

B = B lB2<e; (18.3)

The operators B, have a more simple structure than B and may beeasily inverted.
Difference schemes allowing representation (18.3) are called factorized schemes
(BAKER and OLIPHANT [1960], SAMARSKII [1971], p. 368) or factorization schemes of
the difference operator (YANENKO [1967], p. 37).

Numerical solution of equation (18.2) on each time level may be carried out by
way of successive solution of more simple equations

B, cpi+ lip = Fi,

B2cpi + 21p = cpi + liP,

Bpcpi+ 1 = cpj+(p -1 lip.

Ifp=2 and B l , B2 are triangular matrices, then the relationships (18.4) represent an
explicit ("running") calculation scheme (see SAMARSKII [1971], p. 368).

255
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(18.5)

We now consider some ways of constructing factorized operators and cor­
responding factorized schemes applied to the problems of parabolic type.

BAKER and OLIPHANT [1960J consider for the problem

OqJ (02
sp 02

qJ)fu- a2
Ox2 + 0y2 =0,

qJ = qJ(r) on oQ,

qJ = g for t = 0,

where Q = {O < x,y < I}, and a = const, the three-layer scheme

J.mj+1_2mi +.lmj- 1 .
2 -r 0/ 2't' A qJJ + 1 = 0,

r
(18.6)

in which the operator A was constructed to approximate the operator A =
_a2(02jox2 +02joy2) with second-order accuracy; at the same time the operator

B=!E+rA (18.7)

was represented as the product of two three-point operators B 1 and B 2 • It was
shown by BAKER and OLIPHANT [1960J that such an operator may be constructed; as
a result the realization of scheme (18.6) is reduced to solving (18.2) with Fi =
Fj(qJj- t, qJi;r)= 2qJi -1qJi- 1. For p= 2, (18.2) also is decomposed in two equations
(18.4), which may be easily solved using the three-point sweep method.

BAKER [1960J describes the factorization schemes in the case of a multidimen­
sional heat conduction equation with constant coefficients.

But if a two-dimensional parabolic equation with varying coefficients (diffusion
equation) is considered, then it is impossible to represent B exactly as the product of
two three-point operators. In this case additional iterations are needed (BULEYEV
[1970J, OLIPHANT [1961J). For such problems BULEYEV [1970J (see also MARCHUK
[1980J, pp. 235-237) formulated a scheme of incomplete factorization. Thus, let
(18.2) be represented as a two-dimensional difference equation

ai. kqJi-1,k +Ci,kqJi+ 1,k +bi,kqJi,k-1 +di,kqJi,k+ 1 - Pi,kqJi,k = -h,b
i = 1,2, ... , m, k = 1, 2, 0 •• , n,

a1 k=c k=b· 1=d. =0, m, I, t,n ,

Pi,k ~ai,k +Ci,k +bi,k +di,k

(18.8)

(the index j is omitted for simplicity). Having added the vector CqJ to the left-hand
and right-hand sides of the equation we obtain

(B+C)qJ=CqJ+F. (18.9)

We now choose the matrix C in such a way that the matrix B +C can be represented
as the product of two simple triangular matrices S1' S2 and a diagonal matrix K:

B+C=K'S1'S2'
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(18.11)

(18.12)

Then equation (18.9) is replaced by the system

SIZ=K-l(CfIJ+F), S2f1J=Z, (18.10)

which will be solved by the method of successive approximations. The realization
formulae of this iteration algorithm applied to (18.10) can be found in the form

Zi.k = lXi,kZi- l,k + Pi,k Zi,k-l + Yi.kCh,k +Di,k(fIJ) - qi,kfIJi,k]'

flJi,k = Ci,kfIJi+ l,k +17i,kfIJi,k+1 + Zi,k

(the index of the iteration step is omitted; Dj,k(fIJ)=(DfIJ)i,k, where the matrix
D=KC+diagqi,k and diagqi,k is a diagonal matrix with elements qi,d.

Comparing (18.11) and (18.8) we obtain for coefficients lXi,k' Pi,k' ci,k' 17i,k' Yi,k

formulae which are analogous to the formulae of the sweep method:

P· k =y. leb, kI, 1-., tot'

c'k=Y'kC'k' 17'k=Y'kd'k
L, e, I., I., I..' ..

Yi,k = (Pi,k - qi,k - a i,k ci-l,kYi-l,k - b i,kdi.k-l Yi,k- d-1.

For the iteration operator Di,k(fIJ) we obtain the expression

Di,k(fIJ) = a i,k17i-l,kfIJj- l,k + 1 + b i,kci,k-l fIJi + l,k- r-

The coefficient qi,k is taken as

qi,k = 0i,k(ai,k17i-l,k +bi,kci,k- d, 0 ~Oi,k < 1.

To ensure the convergence of the iterative process (18.11) for 0>0 these equations
are supplemented with a simple iteration

- (I) 1 ( (I) 13 (I) (l)
flJl,k = lXi,kfIJi-I,k + i,kfIJi,k-1 +Cj,kflJi+ l,k

Yi,kPi,k

+ 17i,kfIJ1~~+ 1 Yi,kfi.k),

so that for obtaining the (l + l)th approximation of the function fIJi k the lth
approximation of the function iP i,k is to be substituted into the equation fo~ ~~: 1). If
the problem is ill-conditioned, then the expression in square brackets in (18.11) for
the grid points belonging to the right and upper boundaries of the domain should be
replaced by

(18.13)

where O~Xi,k ~ 1.
It is not difficult to show using induction method that the coefficients lXi,k' Pi,k' ci,k'

17i,k' Yi,k satisfy the conditions

ci,k +17i,k~ 1;

lX'k+p'k~(a'k+b'k)t, I., l., t,

• {Ci'k + di,k +(1- Oi,k)(lXi,k17i-I,k + pi,kCi,k -1)

+ Xi,k(ai,k +bi,k)} -1.
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Choosing parameters 0i,1f and Xi,k it is always possible to satisfy the condition
(Xi,n + Pi,n ~ 1, i.e. to achieve computational stability of the scheme (18.11). Note that
MARCHUK ([1980], pp. 236-242) presented another scheme of incomplete factor­
ization.

19. The implicit splitting scheme with approximate factorization of the operator

We consider for the problem (18.1) with operator A >0 the implicit scheme of the
form

j+ 1 i
cp -cp +Ami+1=0, . 0 1 2-r J= , , , ... ,

r

where
n

A= L Aa, Aa~O.
a=l

We rewrite (19.1) in the form

(E +rA)~+ 1 = cpi

(19.1)

(19.2)

(19.3)

and factorize the operator (E + rA) approximately up to quantities of order 0(r2
) .

To that end we replace the operator (E + rA) in (19.3) with factorized operator

(E+rA 1)(E+rA2)···(E +rAn) = E +rA +r2 R,

where

R=LAiAj+r L AiAiAk+···+rn-2A("At/'
t«] i<j<k

(19.4)

As a result we obtain an implicit scheme with an approximate factorization of the
operator B (YANENKO [1967], p. 38):

(19.5)

where
n

B= nBa, Ba=E+rAa·
a=l

The solution ofequations (l9.5) may be carried out by successively solving equations

(E+rAd~+l/n=cpi,

(E +rA 2)cpi+ 2/11 = cpi+ lin,

(19.6)

(E+rAn)cpi+1 =cpi+(n-1)/n,

j = 0, 1, 2, ... ,

cpO =g.
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(20.1)

If the operators Aa in representation (19.2) have a simple structure and allow cheap
inversion, then system (19.6) may also be solved rather simply.

It is easy to see that scheme (19.6) has a first-order approximation in r, It is
absolutely stable for Aa ~ 0 in the metrics of the grid function space 4)h (II cp 1Ifl''' =

(cp, cp)K2), since, in that case, II E +rAa)-IIIfl'"~ 1 (see (2.23) and Theorem 2.1).
We will illustrate an application of the scheme with approximate factorization of

the operator to scheme (18.6), which was suggested by BAKER and OLIPHANT [1960]
for the heat conduction equation (18.5).

We take A = A I +A2' where Aa is a difference approximation of the one­
dimensional differential operator Aa = _a202/0 2x; (Xl = X, X2 = y). We rewrite
scheme (18.6) in the form

{1E+rA)cpi+1=Fi, Fi=2~-1CPj-1 (19.7)

and replace the operator (1E+rA) with the factorized one obtained by the implicit
scheme with approximate factorization of the operator (YANENKO [1967], p. 39). We
obtain the scheme

Bcpi+ l =t(E+jrA I)(E+hA2)cpi+
1=FJ, (19.8)

where B is a nine-point factorized operator. (Note, that scheme (19.8) coincides with
the scheme suggested by BAKER and OLIPHANT [1960].)

20. The stabilization method (explicit-implicit scheme with approximate factoriza­
tion of the operator)

We consider the homogeneous problem (18.1) with A = Al +A2, Aa ~O, 1=0 and
the following two-layer scheme

cpi+ I _ cpi
(E +trAI)(E+trA2) + AcpJ =0,

r

j=0,1,2, ... ,

cpO =g.

If A I ~O, A 2 ~O, and the solution of problem (18.1) is smooth enough, then the
difference scheme (20.1) has a second-order approximation in r and is absolutely
stable, the following estimate being valid

IlcpJ+lllc2~llgllc2' j=O, 1,2, ... ,

where

(20.2)

IlljJ IIc2= (C2ljJ, ljJ)Jj2, C2 =(E + trA!)(E + !rA2)·

Indeed, using simple transformations, equation (20.1) is reduced to the form

j+ I _ j i+ I l

(E + .1 2A A )cp cp +ACP +cp =0
4
r

I 2 r 2'

cpo = g. (20.3)
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It is easy to notice that if the solution is sufficiently smooth then the order of
approximation in r of the difference equation (20.3) coincides with that of the
Crank-Nicolson scheme

(20.4)

(20.5)

(20.6)

i.e. second-order in r.
We now move to the stability analysis of the differenceequation (20.1). To this end

we transform (20.1) to the form

(E + trA1)(E+trA2 ) qJJ + 1 =(E - trAd(E -t-rA2) qJJ,

qJ0 =g.

Resolving the difference equation (20.5) with respect to qJJ + 1 we get

qJi+ 1 =(E + trA2)-I(E +!rAI )-I(E - !rAd(E - trA2 )qJi .

From the unknowns qJi we compute t/Ji using the following formula

t/JJ =(E +trA2 )qJj .

Then for a new unknown t/Ji we obtain the relationship

t/Ji + 1 = Tt/Ji,

where the transition operator T is given by

2

T=(E+trAl)-I(E-trAl)(E-!rA2)(E+~rA2)-1 =Il r;
a=1

Ta= (E - trAa)(E + trAa)- 1.

It follows from Theorem 2.1 that

II t; II = sup II TaqJ II q,1 II qJ II q,~ 1, II qJ II q, = (qJ, qJliP .
qJ

Therefore, II T II ~ 1, which means that

II t/Ji 1Iq, = II qJi II c2~ II t/JJ-l Ilq, ~ ...~ IIg II c2'

The difference scheme (20.1) of the stabilization method allows convenient
realization on the computer. Indeed, the difference equation (20.1) may be written in
the form

Fi = AqJi,

(E+1rAl)ei+l/2 = -Fi,

(E+1r A2)d+ 1=d+ 1/2,

qJ)+1 =qJi + rei+1.

Here ei + 1/2 and d + 1 are some auxiliary quantities ensuring the reduction of pro blem
(20.1) to the sequence of elementary problems (20.6). Note that the first and the last
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(20.7)

equations in (20.6) are explicit relationships. This means that we have to invert
operators only in the second and third equations, where only the elementary
operators Al and A z are present.

We now consider the inhomogeneous problem (18.1), where A = A I + Az' A I ~0,
Az ~O, f =1=0. In this case the stabilization scheme is written as follows:

lfIi + I _ lfIi
I I 't" 't" •.

(E+:2TA.)(E+:2TAz) +AlpJ I'.
T

lp0 =g,

where

fi=f(ti + I /Z )' (20.8)

If the elements of the matrices Aa do not depend on time and the solution and the
functionfofproblem (18.1) are sufficiently smooth, then scheme (20.8) is absolutely
stable and approximates the original problem with second-order accuracy in
T (MARCHUK [1980], pp. 251~252).

REMARK 20.1. As we have seen the scheme of the stabilization method may be
obtained by introducing into the Crank-Nicolson scheme (i.e. explicit-implicit
scheme) the operator B = E +:hz A I A z- After that the operator of the problem
becomes factorizable. Therefore, the stabilization scheme may also be called the
explicit-implicit scheme with approximate factorization of the operator.

Let us formulate the stabilization scheme for the inhomogeneous problem (18.1)
where

(20.9)

and the operators Aa are time-independent. With assumptions (20.9) the stabiliza­
tion method may be represented in the form

n i+ I i
IT (E + !TAa ) lp -lp + Alpi =r. lp0 = g, (20.10)

a=1 T

where

r f(t i + I /Z )'

The scheme of realization of the algorithm has the following form:

Fi = - Alpi +f '.
(E +1TAl k i + I/n =Fi,

(E +!TAz)ei+z/n=ei+v:
(20.11)

(E + I TA )d+1 =ei+(n-I)/nz n ,

lpi+ 1 =lpi+Tei+ l •
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With the assumption of sufficient smoothness the stabilization method (20.10) has
a second-order approximation in r, Computational stability will be ensured
provided that

II TII~I,
where the transition operator T is defined by the formula

1

T=E-r II (E+frA,J-1A.

(20.12)

(20.13)

Unfortunately, the condition A(t ~O does not imply here the stability in some norm,
as was the case for n = 2.

To ensure stability the following simple algorithmic tool is sometimes used. SetfJ
equal to zero and reduce equation (20.10) resolved with respect to cpJ+ 1 to the
following form:

(20.14)

Since the operator T is assumed to be time-independent (i.e. does not depend on]),
we will keep an eye only on the norm II cpJ II when solving problem (20.14) with initial
condition

(20.15)

and fixed parameter T ensuring necessary approximation. If this norm is not
increasing then we may be sure that computational stability takes place. After this
we may move to the solution of the inhomogeneous problem. We rewrite equation
(20.10) as follows:

1

cpJ+ 1= Tcpi +r II (E + trA(t)-1fi.
(t=n

Hence,
n

II cpi+ 1 IIIP ~ II T IIII cpi IIIP +r II il (E+trA(t) -1 IIII fi IIF(t=1
or due to inequality (20.12) and the inequality II(E+trA(t)-lll~l

II cpi+l IIIP ~ II cpi IIIP + r] T' IIF'
Using the recursive connection we obtain the stability condition

II cpi IIIP ~ II g IIIP + ii II f II,
where

IIfll = max Ilf i IIF'
i

(20.16)

(20.17)

(20.18)

(20.19)

REMARK 20.2. While checking the stability condition II T II ~ 1 we used the initial
condition (20.15). This was not necessary at all. We might have chosen as initial
condition any function from the same smoothness class as g and f
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21. A general scheme for the method of approximate factorization of the operator

We will give a general formulation of the approximate factorization method
(MARCHUK and YANENKO [1966], YANENKO [1967], p. 155).

We write for problem (18.1) a two-level approximation of the kind:

'+ 1 'lpJ _ lpJ
----=A1lpi+

1 +Aolpi+Fi, j=O, 1,2, ... ,
r

lp0 =g,
(21.1)

where the function Fi approximates f In the case of multilayer schemes this
approximation contains the results of applying the difference operators to lpi- 1,

lpi- 2, etc. Let the operators AI' Ao'

(21.2)

be represented as the sum of the operators, generally speaking, of a more simple
structure, then the following approximative relationships are valid

pn(E-rA 1,tz)",E-rA1,
tz= 1

qn (E+rAo,tz)",E+rA o
tz=l

(21.3)

(i.e. the operators on the left-hand sides are approximations ofthe operators on the
right-hand sides). The relationships (21.3) allow the replacement of (21.1) by the
factorized scheme

p qn(E-rA 1,tz)lpi+
1 = Il (E+rAo,tz)lpi+rFi.

tz=l tz=l

(21.4)

The given scheme approximates problem (18.1) and if Al =Ao = -!-A, and Fi =
f(t i +1/2)' then it has a second-order approximation in r. The stability analysis of
scheme (21.4) is often difficult in comparison with the componentwise splitting
schemes. For the sake of simplicity letf-O in (18.1). We rewrite this relationship in
the form

lpi+ 1 = Tlpi,

where

T=(E -rA1,p)-1 ...(E -rA1,1)-1(E+rAo,d .. ·(E + rAo,q)'

If for operator T the estimate

II T II ~ 1+const r

(21.5)

(21.6)

holds, then scheme (21.4) is stable. Estimate (21.6) is rather difficult to obtain. In the
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case when p = q and the operators are commutative we have:

P

T= nr; Trz=(E-rA 1,rz)-I(E+TAo,rz)'
rz=1

Ifat the same time A l,rz = A o• rz ~0, then II T, II ~ 1and the scheme is absolutely stable
in the norm II q> II (1) = (q>, q>)~j2 .

From scheme (21.4) we may obtain the scheme of the splitting operator method
(DYAKONOV [1971d]).

We suppose that in (18.1) we have

n

A = L Arz, Arz~O,
rz=1

(21.7)

where the operators Arz are difference approximations of the corresponding
one-dimensional differential operators. Let p= q = n,and operators Ao.rz ' A 1 ,rz given
by

Ao,rz = - (1- O)A rz,

O~O=const ~ 1.

Then scheme (21.4) takes the form:

(21.8)

n nn(E+TOArz)~+1 = n(E-T(I-0)Arz)q>j +TFi,
rz=1 rz=1

j =0, 1, 2, ... , (21.9)

q>0 =g.

It is easy to notice that the realization of scheme (21.9) consists of solving the
sequence of one-dimensional problems (with the sweep method).

REMARK 21.1 Scheme (21.1) and representations (21.2) do not allow a simple
determination of the corresponding scheme. For example, the scheme

(21.10)

is not equivalent to scheme (21.4) in the general case of noncommutative operators
A 1,rz , Ao,rz but only in the case of commutative operators.

REMARK 21.2. In a paper by YANENK 0 ([1967], pp. 158-159) schemes of approximate
factorization arising from the multi-level schemes are presented:

A1q>j+l +Aoq>j+A_ 1q>j-l
+ ... +A_ P+ 1q>i-P+l

+lj=O. (21.11)

These schemes may appear in approximations of equations of the type

oq> 02q> oPq>
B1at +B2 ot2 + ... +Bp otP + Aq> 1, (21.12)

where B l' B2' ..• , BP are linear operators.
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(22.1)

q>=g for t=O.

22. The scheme of approximate factorization for the parabolic equation

In papers by DYAKONOV [1962d-f, 1963-1965, 1971b-d, 1972] the method of
approximate factorization (splitting operator method) has been developed and
grounded for a wide class of equations of parabolic and hyperbolic types. We
consider some of these results for the parabolic equation of the form:

oq> n 02q>-- L: --f in a-ce;
ot (%=1 Ox;-

under conditions

q> Ian = q>(D'

Here

Q = {O < XlI < 1: ex = 1, ... , n},

Let

t= T/K,
n

Ih1 2
= L h;.

(%=1

(22.2)

The spatial grid Qh is the set of points X,=(llhl, ... ,lnhn), where 1~/(%~N(%-I,

I=(11, •.• , In), oQh is a set of boundary grid points, a, = Qh +oQ h • The temporal
grid is given by tj = jr, j =0, 1, ... , K.

We introduce the difference operators

. 1
A(%(q»f = h(q>(tj, x, + h(%/(%) - q>(tj' x,)),

(%

. 1
V(%(q»f = h(q>(tj, x,) - q>(tj, x, - h(%/(%)1

(%

where 1(% is the n-dimensional unity vector in the direction XlI' We consider a set of
difference schemes of the kind

j+ 1 j n
q>, -q>,+ L: A(%(8q>t 1+(l-8)q>f)+!{+1 inQh, O~j~K,

r (%= 1
(22.3)

where

A(% = - (A(% V(%)= - A~, 0 ~ 8~const ~ 1,

I!" ={f(tj + 1, X I ) for 8#t,
f(t j + 1/ 2 , X , ) for 8=t,

and the notation q>1-q>(rj. x,) is used. When the solutions are sufficiently smooth,



266 G.I. Marchuk CHAPTER IV

(22.4)

scheme (22.3) approximates (22.1) with local error of approximation of order
O(-r+ Ih1 2

) for 0#t and 0(r2 + Ih1 2
) for O=t. For 0=0 scheme (22.3) is explicit; for

0=1 it is purely implicit; for 0 = t it is the Crank-Nicolson scheme.
Let if> and F be the Hilbert spaces of the grid functions q> E if> andf E F, defined on

Qh with inner product

(u, v),p = hI ..,h; L u,v,
XIEnh

and norm II u 11,p = (u, u)Jj2. Then in this norm the schemes (22.3) are absolutely stable
independently of rand h for 0~ t, and for 0< t they are stable provided that the
following relationship holds:

1/ 1 1

r lX~1 h; ~ 2(1-20)'

i.e. conditionally stable. From the approximation and stability of these schemes
corresponding statements about the convergence follow (see Theorem 3.1).

We now introduce the operator
n

Bq>I+ 1 = n(E - OrA~)q>{+ 1

lX=1

n

= q>t 1 -Or L A~q>{+ 1

lX=l

+( - Or)2 L A~A~q>J+ 1 + ...
l';;;lX,;;,p';;;n

X,EQh

and consider the scheme

(22.5)

oq>, =g" (22.6)
j i ~Qq>, =q>(T)z, X,Eu h:

Taking (22.5) into account we may rewrite (22.6) in the form

where
n

(22.7)

(22.8)
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Thus, we see that (22.6) differs from (22.3) by the presence of the additional term
Qn(CPt 1 - ({J{)/r on the left-hand side. If the solution of the original problem has
derivatives (bounded in a x at)

D'h DR2 DR OCP ., './. r:. .. r:"'- l < l < ... < l a;;,.... n,
II '2 I", at' 1 2 cz' ~

where

/3(l ~ 2,

then

(22.9)

(Note that the smoothness restriction on, cp(t, x) may be weakened; see DYAKONOV

[1971d], p. 23.) Thus, if (22.9) holds then scheme (22.6) approximates the original
problem with the same order as scheme (22.3). Here, naturally, we have for (1 #1
instead of (22.9) the inequality

(22.10)

and, also, weakened conditions on the smoothness of cp(t, x) would do.
We consider how the transition from the time level tJ to the level tJ+ 1 in scheme

(22.6) is realized. Note that if we exclude-with the help of boundary conditions-t-all
boundary values of cp from the left-hand side at the expense of the corresponding
modifications ofl{+ 1 in the near-boundary grid points, then we may rewrite (22.6) in
the form:

n nn(E +r8Acz)cpi+ 1 = n(E+r8Acz)qJ -rAcpJ -T'";
cz=l cz=l

(22.11)

where A =:I:~= 1 Acz' and the vector !J+ 1 isdefined through r:t, cp{;/ and CP{n. This
is (18.2) with splitting operator B = n~ = 1(E +r8A IZ) . The solution of (22.11) on each
time step is reduced to solution of (18.4) for p = nand Bcz = (E +r8Acz) by the sweep
method.

Stability of scheme (22.6) follows from the a priori estimate

J
II~J+lllep~llgllep+r L Ilf+ 1 11F

i= 1

(DVAKONOV [1971d], p. 26).

(22.12)

REMARK 22.1. Along with scheme (22.6) one may consider schemes with approxi­
mate factorization of the operator, which are obtained by replacing the basic
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equation from (22.6) with one of the following equations:

1 n <pi- n (E - Lj'1.~)<pi+ 1 - _, it 1,

Ljl%=1 Lj

~ nn (E-l-'T" A h){{)j+1_<p1_l- ~ Ah{{)j_l-'T" "AhAh{{)j=ji+1
2 L j 1%'t"1 2L, 1%'t"1 4 L j L, 1% P't"l 1 ,

Lj 1%=1 Lj 1%=1 I%<p

where Lj ='r: t j - 1 is a nonconstant grid step in t and 0 ~ (JI% =const~ 1 (DYAKONOV

[1971d], p. 26).



CHAPTER V

The Predictor-Corrector Method

The next class of the splitting methods-the predictor-corrector method (approxi­
mation correction scheme)-as well as the scheme with a factorization of the
operator will be considered in application to the matrix evolutionary equation (18.1)
with a time-independent operator.

23. The predictor-eorrector method: The case A =A I +A2

The idea of the predictor-corrector method is as follows. The whole interval 0 ~ t ~ T
is split into a number of partial intervals and within each elementary interval
t j ~ t ~ t j + 1 the problem (18.1)is solved in two steps. First, one finds an approximate
solution of the problem at time tj+ 1/2 =tj + tT using a first-order accuracy scheme
which has a considerable "amount" of stability. This step is usually referred to as the
predictor. Then, on the whole interval (tj , tj +d the original equation is approxi­
mated with a second-order scheme which serves as the corrector. It is essential that,
while constructing the corrector, the "rough" solution at tj+ 1/2 found in the pre­
dictor step is used.

The predictor-corrector scheme may be written in the form:

j+I/4 _ j

lp lp +A m j + 1/4 = Otr 1't' ,

lpj+ 1/2 _ lpj + 1/4

----:----+A m j + 1 / 2 = O1 z r ,
"2T

(23.1)

(23.2)
'+ 1 '£Ill _£Ill

~'t' 't'_+ Alpj+ 1/2 = O.
T

lp0=g.

If we exclude the auxiliary function lpi+ 1/4 from the first two equations of (23.1),
the system will reduce to the following one:

(E +lr A 1)(E +!TA 2)lpi+ 1/2 = lpj,

269
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(23.3)

Excluding q>i+ 1/2 from (23.2) we get
'+1 .ip! _ mJ

___'t'_+ A(E +trA
2)-1(E

+trAl)-l q>j=O,
T

q>0=g.

We now suppose that the following restriction holds:

trIIAall<l, (.(=1,2. (23.4)

If A 1 ~o, A 2 ~o, the elements of matrices AI' A2 do not depend on t, and the
solution q> of (18.1) is sufficiently smooth, then the difference scheme (23.1) is
absolutely stable and approximates the original problem with second-order
accuracy in T. At the same time the estimate

IIq>illcl l~ Ilgllc1l ,

holds where

Cl 1 =(E +tTAi)-l(E +tTA l ) ,

II q> Ilcll =(Cl 1q>, q»JJ2.
To prove this statement let us rewrite (23.3) in the form

q>i+ 1_ q>i
(E+tTA 1)(E+tTA2 ) +Aq>i=O,

T

(23.5)

where

A =(E +!TA 1)(E+trA2)A(E +!TA2)-1(E +!TA 1)-1.

Expanding the right-hand side of the last relationship into a Taylor series in T and
assuming that

til Aall < 1,

we get

A=A+O(T2
).

With the help of the estimate used in the stabilization method we come to the
conclusion that the predictor-corrector method has a second-order of approxima­
tion in T.

Let us consider the stability of this method. To this end we rewrite (23.3) in the
form

iPi+ 1_ iPi
(E+tTA 1)(E+tTA 2 ) + AiPi=O, (23.6)

T

where

iPJ=(E +tTA2)-1(E +trA.)-l q>j.

Difference scheme (23.6) is stable since

II iP i + 111c2:::;; II iPJ llc2'

(23.7)

(23.8)
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Then taking (23.7) and (23.8) into account we get

11(£ + tTA 1)-1 q>i+ 111,z,~ II (E +tTA1)-1 q>i 11,z,
or

'+ 1 ./Iq>) IlcI I ~ 11q>}llcl l ~ ••• ~ lIg!lCl l •

In the case of an inhomogeneous problem we formulate the predictor-corrector
method as follows:

i+ 1/4 _ j

q> 1 q> +Al q>i+ 1/4-Ii,
"2T

q>i+ 1/2 _ q>i+ 1/4
------:----+A III i + 1/2 = 01 2 ~ ,

"2T

'+ 1 'Ill} - Ill}

-~---~-+Aq>i+ 1/2 -Ii,
T

(23.9)

where

1i = I(ti + 1/2)'

If f i is chosen in this form, then (23.9) approximates the original problem with
second-order accuracy in T and the estimate

II q>i+tT1illci l ~ Ilg+ tT1°Ilcil+Tjll 1 Ilcil, (23.10)

where

III II CI I = max II 1illcr ',
is valid, i.e., if0~ ti~ Twe again get stability of the difference scheme (see MARCHUK

[1980], pp. 254-255).
Thus if Al ~O, A 2 ~O and the elements of matrices Al ,A 2 do not depend on time,

then the difference scheme (23.9) is absolutely stable and allows to get a solution of
second-order accuracy in T provided that the solution and the right-hand side1of
(18.1) are sufficiently smooth.

In conclusion we shall pay attention to the fact that, although difference scheme
(23.1) is absolutely stable, the difference scheme for the corrector incorporated here
as a part may be absolutely unstable if considered separately. Let us show this. For
the sake of simplicity we will consider the case when A is the difference analogue of
the two-dimensional Laplace operator, Q is the unity square, and the solution equals
zero on the boundaries of Q.

In this case the corrector has the form

(since now the predictor is not. used in the computations, only integers j are
considered).

For this difference problem a solution q>i will be chosen for which the inequality
IIq>ill,z,~ II q>i- 111,z, from the definition of stability does not hold. We will find such
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a solution in the form

q>L =)J sin(m1tkh) sin(p1tlh),

where j serves both as an index on the left-hand side and as a power on the
right-hand side. Using this expression in the difference equation we obtain the
following characteristic equation:

}.2+ 8ampA-l =0,

where

amp = h!2(sin2(tm1th)+sin2( -1p1th)).

Taking as A the quantity

A= -4amp-Jl + 16a~p,

we see that

IIq> JIIl1>/IIq>°IIl1>=IAli -+oo as r-+O

(so that r/h 2=const), i.e. the scheme is absolutely unstable.
Thus in spite of the fact that the difference scheme used as corrector is absolutely

unstable the "amount" of stability the predictor possesses is sufficient for absolute
stability of the whole scheme.

24. The predictor-corrector method: The case A =1:: = IAiJ:

We suppose that in (18.1)
n

A= L A(l' (24.1)

In this case the splitting scheme has a form:

(E +trA 1)q>J+ 1/2n = q>i+h fi.

(E +tr A 2)q>i+ 2/2n = q>i+ 1/2n,

(E +h An)q>i+ 1/2 = q>i+(n-l)/2n,

i+ 1_ i
q> q> +Aq>i+ 1/2-fi,

r

(24.2)

(24.3)

where we suppose again that A(l~O and j"-f(ti+l/2)' The system ofequations (24.2)
is reduced to one equation

'+ 1 ' 1q>] - q>]
~-~+A n (E+trA(l)-I(q>i+1rfi) r.

r (l=n

q>0=g.
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(24.5)

The predictor-corrector method in this case has second-order accuracy in r provided
that the solution is sufficiently smooth. Write (24.3) in the form:

cpj+ 1 = T cpj + tr(E + T)f j, (24.4)

where the transition operator T is given by
1

T=E-rA n(E+trA a)- I .
a:=n

The requirements for numerical stability have been reduced, eventually, to
estimating the norm of the operator T. Unfortunately in this case the constructive
condition Aa:~O does not allow to prove the stability of the scheme.

In the case when the operators Aa: are commutative and have a common basis, the
stability of the above schemes follows from the condition Aa: ~O (MARCHUK [1980J,
p.265).

REMARK 24.1. The stabilization method as well as the predictor-corrector method
for splitting the operator in n-components may also be applied when operator A is
time-dependent. However, in this situation the a priori formulation of the stability
condition appears to be a more complicated problem. Therefore it is difficult to say
to what extent the application of the two above schemes is justified in general
situations.

25. The predictor-corrector method for the parabolic equation

Let

Q={O<Xa:< 1: a=I, 2, 3}, Qt={O<t< T}.

For the problem

ocp 3 cf cp
-- a2 L -2=0 in Q x Q p
ot a:=1 oXa:

cp=g for t=O,

cp = cp(T) in oQ

we introduce the following difference approximation

ocp/ot+Acp=O in QxQt,

cp = cp(T) on iJQ,

cp=g for t=O.

Here Q and oQ are already grid domains, and A has the form:
3

A= L Aa:' Aa:= -a 2(AxaVxJ/h;/l'
a:=1

(25.1)

(25.2)

(25.3)

BRAYN [1966J (see also YANENKO [1967], p. 40) suggested the following scheme
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based on the idea of the predictor-corrector method:

qJi+ 1/6 _qJi. ..
1 +A1qJJ+l/6+A2qJJ+A3qJJ=0,
"21'

j+I/3 j+l/6

qJ -;qJ +A2(qJi+
I/ 3_qJi)=0,

21'

i+ 1/2 j+ 1/3

qJ -;qJ +A3(qJi+
1/2_qJi)=0,

21'

i+ 1_ j
qJ qJ +A lfIi+ I/6+A IfI j + 1/3+ A lfIi+ I/2_0

!T 1't' 2't' 3't' -.

(25.4)

Here, the first three equations form the predictor (stabilizing correction scheme),
bringing qJ to time level t=(j+t)1'; the fourth is the corrector.

Having excluded the fractional steps from (25.4) we get

IfIj + 1 lfIi lfIi + 1 + lfIi lfIi + 1 IfIj

-r 1'-'t' +A't' 2 -r +!1'2(AIA2+AIA3+A2A3)'t' T-'t'

(25.5)

(25.6)

From this we conclude that scheme (25.4) has a second-order approximation in
r and in h(I' Taking into account that the operators A(I are commutative, we also
conclude that this scheme is absolutely stable.

DOUGLAS [1962] suggested the following absolutely stable scheme which has
second-order accuracy:

i+ 1/3 _ i
qJ qJ +!AI(qJi+I/3+qJi)+A2qJi+A3qJi=0,

r
i+2/3_ i

qJ qJ +!A
1(qJi+l/3+qJi)r

+ !AiqJi+ 2/3 +qJi)+A 3qJi=0,

i v 1_ j

qJ qJ +tA
1(qJi+

1/3+qJi)
r

+ tAiqJi+ 2/3 + qJi)+ tA 3(qJi+ 1 + qJi) = 0,

which may be rewritten in the form:

i+ 1/3 _ i
qJ qJ +!A 1(qJi+ 1/3 + qJi) + A 2qJi+ A 3qJi=0,

r

(25.7)
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(25.8)

Excluding qJi+ 1/3. qJi+ 2/3 from (25.7) we again come to (25.5). Therefore. schemes
(25.4) and (25.6) are equivalent (YANENKo [1967]. p. 42).

We write the predictor-corrector scheme as

i+ 1/6 i
qJ -qJ +A m i + 1/ 6 =o

1- 1't' •ZL

qJi+ 1/3 _ qJi+ 1/6

1 +A2 qJi+ 1
/
3=O.

"2L

qJi+ 1/2 _ qJi+ 1/3

1 +A 3 qJi+ l/Z = O.
"2L

i+ 1_ i
qJ qJ +AqJi+ 1/2=O,

L

which is special realization of scheme (24.2). Excluding qJi+ 1/6. qJi+ 1/3, qJi+ 1/2 from
(25.8) we also come to (25.5). Therefore. this scheme is equivalent to the schemes
(25.4) and (25.6).





CHAPTER VI

The Alternating Direction and the
Stabilizing Correction Methods

26. The alternating direction method

Consider the matrix homogeneous evolutionary problem (18.1):

o<p/ot+A<p=O in QxQ"

<p = g in Q for t = 0,

where

A=A 1 +A 2 •

A scheme of the alternating direction method for (26.1) has the form

i+ 1/2 i
<p -<p +!(A

1<pi+
1/2+A

z<pi)=0,
T

(26.1)

(26.2)

(26.3)

j =0, 1,2, ... ,

<p0=g.

In this form it was applied by PEACEMAN and RACHFORD [1955] and DOUGLAS [1955]
to a parabolic problem with two spatial variables. In this case operator A(l is
a difference approximation ofthe one-dimensional operator - aZoz/ox;. Note, that
in this case scheme (26.2) is symmetric, i.e. x 1 and X 2 change roles from first fractional
step to the second (this fact gives the method its name). It is easy to find the solution
of each equation in the parabolic problem by the sweep method (therefore, scheme
(26.2) is also called the alternating direction sweep method (YANENKO [1967J, p. 26).

Eliminating <pi+ lIZ from (26.2) we obtain

<pi+ 1_ <pi (<pi+ 1 +<pi) 1 Z (<pi + 1 _ <pi)
+A 2 +4T A1A z =0.

T T

Comparing (26.3) with the Crank-Nicolson scheme we conclude that it has a
second-order approximation in T. Further, if we consider (26.2) when A(l is a three-

277
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point approximation of the operator - a2 (02/0X;),

Acz=-a2 (Ax Vx )/h;,
~ ~

then it is easy to establish that this scheme is absolutely stable (DOUGLAS and
RACHFORD [1956], Y ANENKO [1967], p. 28). Ifwe analyze in this case the behaviour of
the error in each direction Xcz using Neumann's method, then it appears that in the
first semistep the error in the direction x 1 decreases and the error in the direction x 2

increases, then in the second semistep the error in the direction x 1 increases and the
error in the direction X2 decreases. It does not matter how much the error increases
in any direction at a given semistep, because it certainly will decrease at the next one,
so that on the whole after two semisteps it will not increase in absolute value
(YANENKo [1967], pp. 28-29).

Y ANENKO ([1967], p. 28) noted that a scheme ofthe alternating direction method is
useless for the three-dimensional parabolic problem. It has been shown that in that
case the following scheme (with Acz= -a2(Ax~Vx)/h;)

j+ 1/3 _ j

q> q> +1(A
1q>i+l/

3+A
zq>i+A3q>i)=O,

T

(26.4)

is not absolutely stable. Therefore, for many problems schemes of the stabilizing
correction method are preferable (along with schemes of the alternating direction
method they are sometimes also called implicit schemes of alternating direction).

27. The stabilizing correction method

Stabilizing correction schemes were proposed by DOUGLAS and RACHFORD [1956]
for solving the three-dimensional heat conduction equation. So if we ha ve in (26.1)

A=A. +A2 +A3 ,

this scheme has the form

(27.1)

j=o, 1,2, ... ,

q>0=g.
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By eliminating lpi+1/3 and lpi+ 2/3 from (27.1) we obtain the equation

cpi+:-'1/+Acpi+1 +r2(A
1A 2

+A IA) +A
2A»)(

cpi+:_cpi)

(
lpi+1 _ lpi)

+T3A
1A2A 3 T =0. (27.2)

It follows that the scheme has first-order accuracy in T. When we consider it for the
heat conduction equation it is easy to establish absolute stability. Besides, the
structure of the scheme is as follows: the first fractional step gives the whole
approximation of the heat conduction equation, the next fractional steps are
corrective and serve to improve the stability. Therefore such schemes are called
stabilizing correction schemes or schemes with stability correction.

DOUGLAS [1962] proposed scheme (25.6) of second-order accuracy, which may
also be considered as a stabilizing correction scheme.

28. A general formulation for the stabilizing correction method

(28.1)
for t= 0,lp=g in 0

The stabilizing correction method was formulated in a general form by DOUGLAS

and GUNN [1964] (see also YANENKO [1967], p. 159). So, let us consider the
evolutionary problem

alp/at +Alp = I in 0 x Ot!

where A=1::=lAtt • We write the difference multi-layer scheme

(28.2)

where

Fi=Bolpi+B_llpi- l+ .,. +B_q+llpi-q+l+ Ii,
(28.3)

A=A +···+A1 n'

which approximates problem (28.1). Taking (28.3) into account we can write the
corresponding scheme in fractional steps:

lpi+ lIn _ lpi
- + Al(lpi+ Lln - lpi)+ Alpi= r',

T

(28.4)
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(28.5)

By eliminating rpi+ lin, ... , q;i+(Il-l)/n from (28.4) we obtain, after simple transforma­
tions, an equation "on the whole steps":

j+ 1 _ j ( j+ 1_ j)
rp r rp + Arpj+ 1 +r 2 4) rp r rp =Fi,

where

4)=" A.A.+r " A.A.Ak+···+r
n- 2 A 1···ALJ I J LJ I J n'

i<:j i<j<:k

(28.6)

(29.1)

By comparing (28.5) and (28.6) we conclude that, with accuracy up to order 0(r2 ),

the general stabilizing correction scheme keeps the order of approximation of
scheme (28.2)~(28.3). The spectral stability analysis for scheme (28.4) is given by
YANENKO ([1967], pp. 160-161).

Note that for two-layer schemes under the condition that the operators are
commutative and for All >0 the stability of scheme (28.4) follows from the stability of
scheme (28.2) (DOPGLAS and GUNN [1964]).

29. Application of the alternating direction scheme to the parabolic equation

Let us solve the following boundary value problem for the second-order parabolic
equation without mixed derivatives

orpjot +Arp= f in Q x Qt,

rplan=rp(T)(x, t),

rp=g(X) in Q

where

for t=O,

X=(X 1,X2)EQ={0<XII< 1: 0:= I, 2},

klI >0.

We assume that problem (29.1) has a unique and sufficiently smooth solution.
THOMPSON [1964] proved the existence and uniqueness of a generalized solution for
(29.1) provided that the functionf(x, u)satisfies Lipschitz's condition in the variable
u. He also showed that the convergence of the solution of difference problem to the
solution of differential one follows from the approximation and stability of the
corresponding difference operator.

We construct in Q = Q +oQ grid {ih with steps hlI that is uniform in XII and replace
the operators All by the difference operators All:

AlIrp= (AxlIk:Vx,"rp)jh~. (29.2)

Contrary to the case of constant coefficients, here, the operators Aa are positive and
self-adjoint but not commutative. Instead of (29.1) we consider the following
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problem approximating (29.1):

acpjat+Acp=f in Qh, A=A1+A2,

CPla.Qh=CP~T), (29.3)

cP = gh in Qh for t = O.

Now cP andfare vectors and A 1 and A 2 are matrices. Suppose solution cP belongs to
the grid function space €P.

For solving problem (29.3) in the layer tj~t~ti+l we write the alternating
direction scheme in the form (SAMARSKII [1971J, pp. 360-365):

j=O, 1,2, ... ,

with initial condition

cp? = g.

(29.4)

(29.5)

Equations (29.4) and (29.5) must be supplemented by difference boundary condi­
tions, which may be written, for example, in the form (see KRYAKVIN [1966J):

cpi + lla.Q~ = cp(T)(ti +1)' cpi + 1/2Ia.Q~ = i{J(T)' (29.6)

where aQ: is the grid on the sides Xa =0 and X a = 1,

cp(T) =![cp(T)(tj+ d+cp(T)(ti)] +lrA2 [cp(T)(t j+ d- CP(T)(ti)].

We rewrite (29.4) in the form:

(29.7)

~~+ 1/2 +A{+1/2cpi+ 1/2 = r',
T

~cpi+ 1 +A~+ 1 cpi+ 1 = r: 1/2,
T

P!" 1/2 =~cpj+ 1/2 _ A~+ 1/2 cpi+ 1/2 +fi.
T

(29.8)

Each problem in (29.8) with the corresponding boundary conditions from (29.6) is
a one-dimensional first boundary value problem and it can be solved by the sweep
method.

If the value k: in the grid point ia is calculated, for example, by the formula

(k:)i", =![ka(xiJ+ka(x i", + 1)]' 1~ ia«t;

then operator A a approximates operator Aa with second-order accuracy, i.e.

Aacp - Aacp = O(h;).
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Let k lC = const. Operator A is self-adjoint and positive in CP. Introduce the metric

[t-l 12 II 12-1

"cp 11 2
= L L (,1i t cpf hI h2+ L L (,1i2CP)2h 1h2·

it=! ;:1,=1 il=1 h=1

(29.9)

In this metric scheme (29.4)-(29.6) is stable on the initial and boundary conditions
and on the right-hand side.

Assume that, in Q x Qr, (29.1) has a unique solution cp = cp(x, t) which is con­
tinuous and has bounded derivatives

(29.10)

Then scheme (29.4)-(29.6) converges in the grid norm (29.9) with rate 0('r2 + Ih 1
2

) so
that

II cpi - cp(t) II A ~M(lhI2 +T
2),

where M = const does not depend on T and Ih I.

REMARK 29.1. The alternating direction scheme with varying k(l has an approxi­
mation of order 0(1 h12 +T2) for the solution cp = cp(x, t), provided that, in addition
to (29.10), the obvious requirements of smoothness of k(l(x, t) in X(l and t are satisfied.
The distinction from the case of constant coefficients reveals itself in the stability
study of the scheme, since though the operators AI' A 2 are positive and self-adjoint,
they are not commutative. However if, in addition to (29.10), there also exists in
Q x Qr a continuous derivative

~ (k 0
2

(k Ocp))
OX1 10XI0X2 OX2 '

then scheme (29.4)-(29.6) is stable and converges with rate 0(T2 +Ih 1
2

), in the case of
varying coefficients k(l'
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CHAPTER VII

Methods of Splitting with Respect
to Physical Processes

30. The method of splitting with respect to physical processes

The method of splitting with respect to physical processes consists of reducing the
original evolutionary problem describing complex physical processes to a sequence
of problems describing processes of a more simple structure. To explain the idea of
the method we will consider the equation describing the process of advection­
diffusion of some substance (MARCHUK [1982], pp. 82-90).

The two-dimensional advection-diffusion problem consists of finding the solution
of the equation

oqJ oUqJ oVqJ- +- +--J1./!"qJ+uqJ-J,
ot ox oy

qJ=g for t=O,

u~O, J1.~0.

Assume for simplicity that we find the solution (x, y) of (30.1 )-(30.2) on the whole
plane and that the functions U and v satisfy the continuity equation

OU OV
ox + oy =0. (30.3)

From the physical point of view problem (30.1)-(30.2) describes, in principle, two
different physical processes. The first one is the process of advection of a substance
along the trajectory and it is described by

OqJ 1 OUqJ 1 OVqJ 1
-+-+-=0 (30.4)
ot ox oy ,

qJ 1 = g1 for t = O. (30.5)

The second one is connected with diffusion and absorption of a substance and is
given by

OqJ2--at - J1./!,.qJ2 +UqJ2 - J, (30.6)

(30.7)

283
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These processes represent two extreme cases of the problem (30.1)-(30.2). Indeed.
taking in (30.1)-(30.2) J1=0 and u=o we obtain problem (30.4)-(30.5) and taking
u=v=O we obtain problem (30.6)-(30.7).

Let us now try to put (30.4)-(30.5) and (30.6)-(30.7) together. This appears to be
possible because of the additivity of the processes of advection and diffusion
locally.

Assume that u and v are constants and qix, y) decreases quickly enough at infinity
so that the following representations take place

co co

'I' ~ f f4>(m, n, I)e'm, +,., dm dn,

co co

g= f fA(m,n)eimx+in'dmdn.

Then the exact solution of the original problem (30.1 )-(30.2) has the form

(30.8)

(30.9)

co co

'P~ f fA(m, n)exp{im(x + UI)+ in(y+ VI)

-co -co

- [u+ J1(m 2 +n2)]t} dm dn.

Let us now split the problem into two. To that end we consider the time interval
0< t < t on which we will solve the two problems successively: first (30.4)-(30.5)with
the initial condition

({Jl =g

and next (30.6)-(30.7) with the initial condition

({J2=({Jl'

We assume as before that ({Jl. ({J2, g are represented as Fourier integrals as in (30.8).
For Fourier components of the solution of (30.4)-(30.5) we find

lP 1 (t)= A exp{(imu +inv)t} (30.10)

and for those of (30.6)-(30.7).

lP2(t)=lPl(t)exp{ -[u+J1(m2 +n2)Jt}. (30.11)

When we take t=r in (30.10) and substitute lPl(r) in (30.11). we obtain

lP2(r) = A exp{(imu +inv)r- [u + J1(m 2 +n2)]r}.

Therefore
co co

'1'2 = f fA(m,n) exp{im(x +ur)+in(y+vr) - [(1 + p(m' +n2 )] r ) dmdn.
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Thus the solution obtained by the splitting method for t = r is identical to the
solution of the original problem (30.1 )-(30.2). This fact lies at the basis of the method
of splitting with respect to physical processes.

Note that in reality u and v are not constant; in this case the splitting algorithm
does not give the exact solution for t = t j,j = 1,2, .... To correct the result in this case
the time interval should be taken small enough to ensure good approximation in
cases when the coefficients u and v vary considerably.

The method of splitting with respect to physical processes is widely used for
solving problems in hydrodynamics, gas dynamics (KOVENYA and YANENKO [1981J,
MIGUAL, PINSKY and TAYLOR [1983J, GUSHCHIN [1981J, TEMAM [1981J), meteor­
ology and oceanology (MARCHUK [1967, 1974a, 1982J, MARCHUK, DYMNIKOV et al.
[1984J) etc.

CHORIN [1968J proposed the original method for finding the approximate
solution of the equations for viscous incompressible liquid. This method is based on
Helmholtz's theorem on the decomposition of the vector field. (A vector field may be
decomposed in the unique way into a solenoidal part A f and a potential part Ai'
provided that the normal component Af equals zero on the boundary.) The
theoretical grounding of the method is given by TEMAM [1981J. YANENKO,
ANUCHINA, PETRENKO and SHOKIN [1970J interpreted this method from the
standpoint of splitting with respect to physical processes. A modification of this
method was used by KUZNETSOV, MOSHKIN and SMAGULOV [1983J to solve the
nontraditional Navier-Stokes problem when the pressure and tangential com­
ponent of the velocity on some part of boundary are given.

31. The method of particles in a cell

Methods for solving multidimensional problems in mathematical physics are sug­
gested by HARLOW [1967J and HARLOW and WELCH [1965J and named methods of
particles ina cellor methodsofmarkersandcells(MAC method). These methods have
been developed intensively in recent years. They are also based on the idea of
splitting the physical process into more simple ones and are applied to calculations
of multidimensional hydrodynamic currents with strong liquid deformations, large
relative displacements and colliding interfaces.

The essence of the method of particles in a cell is as follows. The hydrodynamic
equations are reduced using weak approximation on each small time interval to two
more simple systems, the first of which describes the adaptation of the hydro­
dynamic fields omitting advective terms and is integrated by the usual methods in
a fixed Euler grid; the second one describes the advection of substances in a Lagrange
coordinate system. Only while solving the second system one uses the phenomeno­
logical simplification of the continuous medium model replacing it with the system
of particles in each cell of the Euler system in such a way that the total mass,
momentum and energy of the particles in a cell are identified with the corresponding
characteristics for the continuous medium.

When some particle "carrying" certain mass along its trajectory crosses the
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boundary of the cell, the mass, momentum and energy of this particle are subtracted
from its "old" cell and are added to the "new" cell. Harlow's scheme is based on the
explicit methods for solving equations of the first and the second stage and is
conditionally stable in the whole scheme.

It is especially fruitful to use implicit schemes in calculations of the first step., In
this case the criterion of stability of the whole scheme coincides with the well-known
Courant condition. Some improvements of the MAC method in connection with the
introduction of fractional cells and calculations of the locations of markers were
suggested by CHEN with co-authors [1970, 1991J and NICOLS [1973].

32. The method of large particles

DYACHENKO [1969J, BELOTSERKOVKY and DAVYDOV [1970J, YANENKO, ANucHINA,
PETRENKO and SHOKIN [1970, 1971J give various modifications of the method of
particles in a cell which diminish substantially the inherent fluctuations of density
and pressure and extend the "stability reserve". Various realization schemes are
considered. These modifications are currently referred to as the method of large
particles.

The main idea of the nonstationary method of large particles consists of splitting
the original system of equations into physical processes. We will describe this
method "on the physical level" applied to the problem of motion of an ideal
compressible gas.

The model medium is replaced by the system of fluid particles coinciding at
a given moment with cells of an Euler grid. The stationary solution ofthe problem (if
there exists any) is obtained as a result of positioning; therefore, the whole
computational process consists of repeated time steps. The calculations on each time
step proceed in three stages:

In the first stage, the variation of momentum and energy of the Lagrange
elementary liquid volume (large particle) contained in a Euler cell over time interval
is considered (in this stage the boundary of the volume is displaced with respect to
the initial position).

In the second stage, the movement of the particles through the boundaries of the
Euler cells is modelled and the particles are redistributed in space.

In the third stage, the redistribution of mass, momentum and energy in space
takes place (the variation of the flux parameters in the elementary Euler cell
obtained by returning the Lagrange volume to the initial position over time interval
r is determined).

Thus the evolution of the whole system over time interval t is calculated using the
following splitting: first the variation of the internal state of the subsystems in the
cells/large particles is considered assuming that they are frozen (Euler stage), and
next the displacements of all particles proportional to their velocity and time
interval r without variation ofthe internal state ofthe subsystem are considered with
subsequent recomputation of the computation grid in the initial position (Lagrange
and final stages).
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Consider the system of equations describing the motion of an ideal compressible
gas

apu. ap
at +divl puu) + ax = 0,

apv. ap
at+dIV(pVU) + ay = 0,

~~ +div(pu) = 0,

apE +div(pEu) +div(pu) = 0,at

(32.1)

p= p(P,J),

Here u and v are the components of velocity vector u, p is the pressure, p is the
density, J and E are the specific internal and total energy respectively.

Let the domain where the solution of (32.1) is to be found be covered by an Euler
(fixed in space) computation grid consisting of rectangular cells with sides h ; and hz.
The solution of problem (32.1) consists of the following steps:

In the first (Eulerian) stage, only quantities related to the whole cell are varied,
while the liquid is considered to be "instantaneously frozen". We find the solution
of the system:

au ap
p-+-=oat ax '

ap =0
at ' (32.2)

p= p(p,J),

In the next (Lagrangean) stages, the motion of the mass flux (particles) ~M
through the boundaries of the Euier cells is modelled, the redistribution of mass,
momentum and energy in space take place and the final fields of Euler parameters
are determined.

The equations of these stages may be combined formally and represented in the
form

apu/at +div(puu) = 0,

apv/at +div(pvu) = 0,

ap/at +div(pu)=O,

apE/at +div(pEu) = O.

(32.3)
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Various versions of the numerical schemes of the large particle method along with
some aspects of approximation and stability are presented by BELOTSERKOVSKY and
DAVYDOV [1978J, BELOTSERKOVSKY [1984J, DAVYDOV and SKOTNIKOV [1978J and
others.



CHAPTER VIII

The Alternating Triangular Method
and the Alternating Operator Method

The alternating direction method proposed by Peaceman, Douglas and Rachford is
usually connected with the decomposition of the operator A into "one-dimensional"
operators Aa , the sweep method being used for the solution of equations at each
fractional step. However (as it was already noted in Section 26)the generalization of
this method for problems with three spatial variables faces some difficulties. On the
other hand the requirement that the operators Aa are "one-dimensional" is not
compulsory. Therefore it is of interest to split the operator A in operators that would
allow an effective solution of the problem in each step and would keep the main
advantages of the alternating direction method. Such a splitting may be the
decomposition of the matrix operator A = A * into two matrices A 1and A z with
Al = A!, Al +A z = A. Writing these alternating direction schemes formally we
obtain schemes of the alternating triangular method which was proposed and
grounded for some problems of mathematical physics by SAMARSKII [l964aJ and
IL'IN [1965J. IL'IN [1966J also presented generalizations of the alternating direction
methods where Al and A z are arbitrary matrices (in particular, triangular). These
generalizations are called schemes of the alternating operator method.

33. The alternating triangular method

Let us consider the evolutionary problem

(33.2)

(33.1)

(1) 0 k .
aik =, > 1,

alp lat+Alp -fin Qt,

lp = g for t = 0,

where Q t = {z: 0 < t < T} and A = A(t) is a square matrix representing a finite-dimen­
sional approximation of the corresponding operator of the original problem in all
variables except for t. Operator A from (33.1) acts in a Hilbert space tP with inner
product (u, v)«1> and norm II u 11«1> = (u, u)~/Z . It is assumed that A can be represented as
the sum of two triangular positive-definite matrices

A=A I +Az, Al =(a~i»), Az=(a~;»),

C=const>O, a= 1,2.

289
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If A is a symmetric matrix, then Al = A! ,A! = A 2 and we may take a~t J+ a~f) = tau'
Let us write the scheme of the alternating triangular method (SAMARSKII [l964a]

as

i+ 1/2 j
lp ~lp +1.(Ai+ 1/2 i+1/2+Ai j)_.1fi

2 1 lp 2lp -2 ,
r

j+l_ j
lp lp +.l(Ai+ 1/2 i+A i+ 1 i+1)_1.fi

2 1 (P 2 lp -2,
t

j=o, 1,... ,
(33.4)

A{+ 1/2 =A 1(tj+1/2),

f i -f(tj+ 1/2),

It is easy to notice that to solve the first equation from (33.4) we need to invert the
triangular matrix E+ }rA i+ 1/2 and to solve the second equation we need to invert
the triangular matrix E +trAi+ 1. SAMARSKII [l964a] noted that the inversion,
when the order of the matrix is more than five, will require fewer operations than
to solve problem (33.1) by the explicit two-layer scheme.

If conditions (33.3) are satisfied and Ait)lp(t) and dlp /dr e C'!: 1) [0, T], then (33.4)
has second-order accuracy in r:

II lp i - lp(tj) II ~ C • t 2
, j = 1,2, ... ,

where C is a positive constant independent of r (SAMARSKII [l964a].

REMARK 33.1. Scheme (33.4) and the above statement remain valid when A 1 and A 2

are arbitrary linear operators acting in a Hilbert space and satisfying conditions
(33.3) (SAMARSKII [l964a]).

REMARK 33.2. If A Cl are self-adjoint operators, then scheme (33.4) is a generalization
of the alternating direction method proposed by Peaceman, Douglas and Rachford,
and it may be considered as the alternating operator scheme.

REMARK 33.3. For the problem

02qJ/ot 2+A(t)lp f in Df'

lp = go for t = 0, (33.5)

Olp/Ot=gl for t=O,

SAMARSKII [l964a] formulated also a scheme of the alternating triangular method
which has second-order accuracy.
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(34.1)

REMARK 33.4. Since the solution of (33.4) may be carried out with explicit formulae,
schemes of the alternating triangular method are also called explicit alternating
direction schemes (lL'IN [1970], p. 109).

34. The alternating operator method

We assume that operator A in (33.1) does not depend on t and can be represented as

A =A 1+A2,

where the only requirement for Aa is positive-semidefiniteness

(Aa u, u)<p~O.

We write for (33.1) a scheme of the following kind (IL'IN [1966J):

i+ 1/2_ i
(fJ (fJ +t(A 1(fJi+ 1/2+A2(fJi)=tfi,

L]

(fJi+ 1 - (fJi+ 1/2 . . (fJi+ 1/2 - (fJi
---~-+tA2((fJJ+l_(fJJ)=k) ,

L} L}

j=O, 1, ... ,

(fJ0=g,

where L] and k, are parameters, fi =f(ti + 1/2), and operator A and vector f} are
constructed taking into account the boundary conditions of the original problem
approximated by (33.1). Formally scheme (34.1) coincides for ki=O with the
Douglas-Rachford scheme and for ki =1 with the Peaceman-Rachford scheme.
After excluding (fJi+ 1/2 (34.1) is transformed to

(fJi+ 1_(fJi (fJi+ 1+k
i(fJj

1 (fJj+l_(fJi.
1 +A +4L]A 1 A 2 1 -fJ· (34.2)
zL}(1 + k j ) 1+ k, zLi1 + k)

Ifdepending on parameters L} and ki the time step for the original problem is chosen
as

~t}=tLi1 +k) (34.3)

the order of approximation of (34.1) is equal to O(Li +k}Li)' In the case k., = 0, it has
a first-order approximation in ~t}=1L} and, in the case ki= 1, it has a second-order
approximation (with respect to ~t j =L]).

Let us assume that the approximation error of both equations in (34.1) on the
smooth solution of(33.1) tends to zero in the norm II " 1I<p for L=max Lr-+O, then the
solution tp! of the difference scheme (34.1) converges to (fJ(tj) in the norm

1l(fJIIA2=(II(fJ11<p+IIA2(fJ11~)1/2 for L-+O

(IL'IN [1966].
Note that we still did not make an assumption concerning the structure of the

operators A 1 and A 2' Further, the restrictions on Acz in (34.1) are proved to be



292 ai. M archuk CHAPTER VIII

satisfied provided that they can be represented as in (33.2)-(33.3) (and so we obtain
the schemes of the alternating triangular method).

REMARK 34.1. InN [1966] noted the possibility to generalize (34.1) for kj =1 on
quasi-linear problems as the error of approximation reaches the order O(TJ).

35. The generalized alternating operator method

Let the operator A in (33.1) be represented in the form

II

where the operators Aa are not necessarily related to differential operators with
respect to some single variable (if, of course, they belong to the original problem).
The following scheme is a generalization of (34.1) (InN [1966]):

j+ 1/11 II

lp -lpj+A
1lpj+l/lI+

L Aalpj=fi,

~ a=2

j+klll i+(k-l)/1I
lp - lp +Ak(lpj+klll- lpi)= P~_I(lpi+(1I-1)/1I_lpj)/Tj, (35.1)

Tj

k= 1, ... , n,

where n is the number of fractional steps on the interval (tj,t j+ 1)' After elimination
of the intermediate values lpj+klll, we have

(35.2)

where

II 11-1

B= Il (E+t"jAa)jwi , Wj= Il (1 +P1).
a=1 a=l

With w j =2 scheme (35.1) approximates (33.1) with error 0(T 2
) . With p1=o it

coincides with the Douglas-Rachford stabilizing correction scheme, which has error
O(T).

36. The scheme of the alternating triangular method for the parabolic equation

Let us consider one of the concrete realizations of the alternating triangular method
(IL'IN [1965]) for the two-dimensional heat conduction equation

alp/at - div(D(x, y) grad lp) = O. (36.1 )



SECTION 36 Alternating triangular method 293

We write the following five-point difference scheme
j+ 1 j

({Jk,l - ({Jk,l+A j+ 1 =0
I!J.t. ({J k,l •

]

Here and further

(36.2)

hx=hy=h, I!J.t j=ti +1-ti ,

1
Am =-(p m -a m -b m -c m -d m ) (363)-rk,l h2 k,l -rk,l k,l -rk~ 1,1 k.l -rk,I-1 k,l -r« +1,1 k.l -rk.l+ 1 , •

where the coefficientsa, b, c,d, p may be variables. We also suppose that the boundary
conditions for (36.1) are taken into account for the coefficients of the difference
equation.

A scheme of the alternating triangular method has the form

+.lp i -c i -d i )-02 k,l({Jk,1 k,l({Jk+l,1 k.l({Jk.l+l - ,

j+l j+l/2
({Jk,l -({Jk,l 1 (.1 j+l/2 j+l/2 b j+l/2

I!J.t. +2h2 2Pk,1 ({Jk,l -ak,l ({Jk-l,l - k,l ({Jk,l- 1
]

(36.4)

(36.5)

The condition of "spatial" stability with respect to the accumulation of errors on
each time step has the form of inequalities,

/).t. I!J.t.
1+4h~ Pk,l;-: 2h~ (\ak,ll + Ibk.ll),

Si, I!J.t.
1+4h~ Pk,l;-: 2h~ (lck,l l + Idk.ll),

which must hold for all grid points except, maybe, for some of them. Ifwe introduce
the following operators A 1 and A 2

1 1
Al ({Jk.l = h2 (2Pk,1 ({Jk,l- ak,l ({Jk - 1.1- b k•l ({Jk,l- 1)'

1 1
A 2 ({Jk.l = h2 (2Pk, I ({Jk,l- Ck,l ({Jk +1,1- dk,l ({Jk,l+ 1)'

then (36.4) can be written as follows:

1+ 1/2 i
({Jk.l -({Jk.l+.l(A i+ 1/2+A i+1)_0

I!J.t. 2 1 ({Jk,l 2 ({Jk.l -,
]

1+ 1 i+ 1/2
({Jk,l -({Jk.l +.l(A i+ 1/2+A i+ 1)_0

I!J.t. 2 1 ({Jk,l 2 ({Jk.l -,
]

(36.6)
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(E +tL\tj Al )cpj+ uz = (E -tiltj AZ)cpi,

(E+!iltj AZ)cpj+ 1 = (E -tL\tjA 1 )cpj+ "',

On "whole steps" scheme (36.6) has the form:

(E+tL\tj A 1 )(E +tilt j Az )cp j + 1

1 1 .
=(E +2iltjA deE - ziltjAz)cpJ

or

(36.7)

(36.8)

J+ 1 j j+ 1 j

cp -cp +.lA(cpj+l+cpj)+lL\t~A A cp -cp O. (36.9)
L\t . 2 4 J 1 Z L\t .

J J

From (36.9) we conclude that (36.4) has second-order accuracy in t (provided that
the solution and the initial data are sufficiently smooth). If A and Al Az are
positive-semidefinite operators, then it follows from a theorem by DOUGLAS and
PIERCY [1963] that all eigenvalues of the operator

Tj =(E +tL\tjA +iiltJA 1Az)-1(E-tL\ljA +iL\tjA 1Az),

which is a transition operator from tp! to cpi+ 1, are less than 1. This implies the
stability and convergence of the scheme.

Note the simplicity of the numerical realization of (36.4): computations on each
half-step present the explicit scheme. The number of operations saved on one step is
about 50 per cent. Scheme (36.4)may be generalized on multidimensional problems.
In this case the operator A is split into two suitable operators AI' Az in such a way
that the computations on each half-step can be executed using an explicit scheme.
The advantage of scheme (36.4) is more evident when the dimension of the problem
Increases.

REMARK 36.1. Besides the papers mentioned in this section the alternating
triangular schemes (or "explicit alternating direction schemes") are also considered
in papers by SAUL'EV [1960], IL'IN [1967J, LEES [1961J and others. The alternating
triangular method as an iterative method for solving systems of algebraic equations
is thoroughly treated by SAMARSKII and NIKOLAEV [1978] and IL'IN [1970].



CHAPTER IX

Splitting Methods and Alternating
Direction Methods as Iterative
Methods for Stationary Problems

37. The stationing method: General concepts of the theory of iterative methods

The solution of many stationary problems with positive operators may be regarded
as a limiting solution of a nonstationary problem for t-+ 00. While solving
a stationary problem by methods of asymptotic stationing we pay no attention to
intermediate values of the solution as they are of no interest. In the case of
a nonstationary problem these values do have a physical meaning. In general, this is
precisely what unites and divides these classes of problems.

Assume that we have a system of linear algebraic equations (representing, for
example, the result of the approximation of some stationary problem in mathe­
matical physics by the finite difference method)

AqJ-I

where

A>O, qJEtP, IEF.

We consider instead of (37.1) the nonstationary problem

01jJ jot +AIjJ - f,

and represent qJ, IjJ and I in the form

(37.1)

n

where

AUn=AnUn,

qJn =(qJ, u:),

n

A*U*=A u*n n n'

n

and {un} and {u:} represent biorthogonal bases. Then using well-known tools we
obtain, on the one hand, problems for Fourier coefficients

An qJn-In

295
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and, on the other hand, the equations

ljJn(O) =0.

Solving these problems we obtain

n

n

Assuming that the spectrum of the operator A is real we have A.n > 0 (n= 1,2,... ). This
implies that

lim ljJ =<p.
(-+ 00

When the operator of the stationary problem has a spectrum of an arbitrary
structure such simple and evident relation between the solutions of the problems
may not exist.

Of course, a non stationary problem for a new function ljJ may be solved using
difference methods in t, for example,

ljJJ+ 1 -ljJj+AljJj f
!

Then

ljJj+ 1 = ljJJ - !(AljJJ -f).

If it is our aim to solve the stationary problem, then-with certain relationship
between! and fJ(A}-we have

lim ljJj = <p.
j-+ 00

The parameter! may either depend on j or not.
While solving the stationary problem it isconvenient to regard j not as an index of

the time step but as that of the iterative step.
Here we come across one more peculiarity: in nonstationary problems the values

of! must be small enough to ensure the accuracy of the solution, while in stationary
problems the optimal iterative parameters! are chosen on the condition that the
number of iterations should be minimal and they may be relatively large.

The majority of iterative methods which are applied for solving linear systems
may be united by the formula

<pi+ 1 _ <pj .
Bj - tX(A<pJ -f), (37.2)

!j

where tX is some positive number, {Bj } is a sequence of non-singular matrices and
{!j} is a sequence of real parameters. If we introduce the notion H j = tX!jBT 1, then
the process (37.2) may be written in the following equivalent form:

<pj+ 1 =<pj - Hj(A<pj -f). (37.3)
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(37.7)

(37.5)

Vectors ~i= Acpi-fare usually called the residual vectors of the iterative method
(37.2) and vectors IjJj = cpj - cp* (cp* = A -1 fis the exact solution of (37.1)) are called
the error vectors of this method. Subtracting vector cp* from both sides of
relationship (37.3) and replacing f with Acp* we obtain a relationship for the
sequence of error vectors:

IjJJ+ 1 = TjljJi, (37.4)

where matrix

T.=E-H·A
J J

is called the jth step operatorofthe iterative method (37.2). Multiplying (37.4) by the
matrix A we obtain a relationship for the sequence of residual vectors:

~j+ 1 =(E- AHj)~j. (37.6)

We will call the iterative method (37.2) convergent if the sequence {cpj} converges
to the exact solution cp* of (37.5) for any initial vector. It is obvious that the
convergence of the sequences {ljJj} and {~j} to the zero vector for any ljJo and ~o

(AljJo = ~O) is a necessary and sufficient convergence condition for iterative method
(37.2).

The iterative method (37.2) is called stationary if the matrix Hjdoes not depend on
the iteration number (the operator T, is the constant matrix), otherwise it is called
nonstationary, We will distinguish specially the class of cyclic iterative methods,
which may be regarded both as stationary and nonstationary iterative methods.

A method is called cyclic if it has the property H j = H j +s for any j ~ 0 and for some
fixed S ~I. It is easy to see that combining each S successive iterations into one we
come to a stationary iterative process of the kind

cpj+ 1 = cpj - H(Acpj-f),

where H is determined by the equation
ir :

E-HA= IT (E-HjA).
j=O

(37.8)

On the other hand the cyclic iterative methods, as originally stated, belong to the
nonstationary class.

One of our major tasks in studying iterative methods will be the problem of
optimization, i.e. the choice of the sequence of matrices {Hj } from a given class in
order to obtain a more effective computational process.

38. Iterative algorithms

~or the effective realization of method (37.2) the operator Bj should have a more
simple structure as compared to A. In many cases of practical interest the operator
Bj has the form

PI

B i = Bj,r= Il (E+r)jj)'
i = 1

(38.1)



298 G.J. M archuk CHAPTER IX

where the Bi are some matrices of the same order N as the matrix A. These matrices
are chosen in such a way that the matrices (E+ LJB;) might be easily inverted, i.e. the
inversion of the whole matrix BJ might be carried out more easily than the inversion
of A. The matrices Bi are often chosen with the representation (splitting) of the
matrix A as the sum

n

(38.2)

taken in account.
First we take n = m =2, L j = L and give corresponding iterative algorithms for

solving the system (37.1) which are constructed using the splitting and alternating
direction schemes of previous sections.

(1) We get the alternating direction method (PEACEMAN and RACHFORD [1955]) for
a=2, Bi=Ai . We obtain from (37.2) an algorithm of the kind

<pj+l_<pj .
(E+LjA1)(E+LjA z) = -2(A<pJ-f), (38.3)

Lj

which may also be written, after simple transformations, in "fractional steps":

j+ lIZ j

<p -<p +(A
1

<pJ+l/Z+Az <pj)=f,
Lj

j+l_ j+l/Z
<p <p +(A

1<pi+
1/Z+A

z<pj+l)=j.
Lj

(38.4)

(38.6)

(2) We get the stabilizing correction scheme when a= 1,Bi = A i (DOUGLAS and
RACHFORD [1956]):

<pJ+ 1 _ <pi
(E+LjA1)(E+L}Az) -(A<pj-f), (38.5)

Lj

which may be rewritten in the form
J+ siz i

<p - <p +(A 1 <pJ+ uz +Az<p})= f,
Lj

(3) The splitting (fractional steps) method for an arbitrary value m = n~ 2 may be
represented in the form (MARCHUK and YANENKO [1966])

<pJ+ l/n - <pi +Al (<p)+ l/n _ <pj)= _ a
j

( ±A
k

<pj-f),
LJ k= 1

<p}+k/n _ <pJ+(k-l)/n
------+Ak(<pJ+k/n-<pj)=o, (38.7)

LJ

k=2, .. _, n
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or, equivalently,

cpj+ 1 - cpi
B. - (XJ.(Acpj -f),

J T.
J

where
n

Bj= Il (E +TjAk),

k=l

Tj and (Xi are some iterative parameters.
The other iterative algorithms may be formulated in a similar way.

39. Acceleration of the convergence of iterative methods

299

(38.8)

(38.9)

The acceleration of the convergence of the formulated iterative algorithms is
achieved either by a special choice of the values of the parameters Tj and (X j or by
applying some adaptive accelerating procedure of the type of the conjugate gradient
method to these algorithms.

We consider, for example, the case n=m=2 under the additional restriction
A 1 =AI. Let

. f (Aiz,z) S
In ~,

z;;;IR N (z,z)
i= 1,2,

where Sand L! are some positive constants. Then the effective value of the parameter
T in the stationary (T/:T) version of method (38.3) is taken from formula T=(bL!)-l/Z.

Since for this value of T the eigenvalues of the matrix

s;' A=(l+TAz)-l(l+TA 1) - 1 A (39.1)

are real, nonnegative and belong to the interval [a,b] with the boundaries

(39.2)

Chebyshev's semi-iterative method may be applied for the acceleration of method
(38.3) (VARGA [1962]):

B
1JU

k+ 1 - uk)= - (Xk+ 1 (Auk - f)+ PH 1 B'r(uk_ uk-
1),

(39.3)

k = 1,2, ... ,

where 11=(b+a)/(b-a).
For an arbitrary T> 0 it is advisable to use the generalized conjugate gradient

method to accelerate method (38.3) (MARCHUK and KUZNETSOV [1972], CONCUS,
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GOLUB and O'LEARY [1976]):

Uk+ 1 =Uk-(1!Qk)[B; 1 ~k -lk-l (Uk_ Uk-I)],

_IIB;l~kll~ 1 _ 11~k+llli~l
L 1 =0, Qk- II~klli;1 k-l' lk-qk II~klli~!

Other approaches to accelerate splitting methods are possible. For example,
various versions of the descent method or the generalized conjugate direction
method.



PART 2

Methods for Studying the
Convergence of Splitting and
Alternating Direction Schemes

Before we discuss the theory of convergence of splitting and alternating direction
methods in detail, let us recall once more the sequence of stages we adhere to in this
paper in solving approximately the problems of mathematical physics.

Thus, first of all, we approximate the initial problem in all independent variables
(to be definite we will call them "spatial") but for time variable t. Finite difference
methods, finite elements methods, projection methods, etc. can be used here. In case
of a stationary problem we obtain the general system of linear algebraic equations

Aq>= f, (1)

(2)

and in the nonstationary case we get the following system of equations:

oq>/ot +Aq> = f in Q"
!t

q>=g for t=O.

System (1) can be realized by use of the well-known methods for solving linear
algebraic equations including the iterative methods of splitting the operator A. At
this stage we must prove the convergence of the applied iterative algorithms.

For the nonstationary problem (2) we can do as follows: either discretize all the
problems or preliminarily split the system oq>/ot +Aq> = f on the system of
differential equations of type oq>a/ot+Aaq>a=fa (tX=1, ... ,n), and then obtain
a completely discretized problem, using the difference scheme (possibly with
additional splitting of the operators Aa ) . At the next stage of solving the problem we
compute the systems of algebraic equations thus obtained (of type (1)). Iterative
methods based on the splitting of the problem can be used at this stage. Note that it
is possible to approximate the nonstationary problem (2) with the help of the finite
element method to get the matrix problem of type (1); to solve it the splitting
methods are applicable.

As we see, the first stage of solving the problem belongs to a different part of
applied mathematics and it will therefore not be discussed in this paper. We will
study the convergence of iterative methods for solving system (1) by splitting the

301
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problem. Besides we are going to consider the aspects of grounding the transitions
from a matrix evolutionary problem (2) to the systems of algebraic equations.
Suppose, we make a direct transition from this problem to the systems of difference
equations by splitting methods. To ground this stage we must study two problems:
the approximation of the obtained scheme and its stability. When these are
established, the convergence of the differencescheme's solution to the exact solution
of problem (2) takes place (see the Introduction for Convergence Theorem 3.1).

If we preliminarily split the matrix evolutionary equation (2) on the system:

OCfJa/ot+ AaCfJa = fa' cx= 1"'0' n, (3)

it is necessary to find out in what sense solutions {CfJa} approximate the exact
solution CfJ, i.e. to ground this stage of solving the problem. The study of further
stages of solving each of equations (3) is based as mentioned above on the studies of
approximation and stability. Hence, to prove the convergence of splitting methods it
is necessary to know how to study the following problems:

(1) the transition from system (2) to the splitting system (3);
(2) the approximation of splitting schemes;
(3) the stability of splitting schemes;
(4) the convergence of iterative methods for solving system (1), using the splitting

technique.

Note, first of all, the methods to study approximation. They represent, as a whole,
methods which are well developed in the theory of the finite difference methods
(expansion in Taylor series, etc.). It should be taken into account here that it is not
necessary in the splitting methods on the fractional steps that the solution of the
scheme approximates the solution of problem (2). Therefore, the approximation is
often checked for "integer" equations of the scheme (i.e. after excluding the
"intermediate" equations of the scheme). Note one particular method that is
frequently used for approximation in the splitting methods: after the scheme is
obtained at the integer steps (and after a possible expansion of the transition
operator in step T of the time grid), it is compared with one of the well-studied
schemes, e.g. the implicit scheme of first-order accuracy, the Crank-Nicolson
second-order scheme, etc. Frequently, this comparison allows to prove that the
order of accuracy of the splitting scheme isequivalent to that of one of these schemes,
and that means that the approximation of the scheme under study is established.
This method has been used in Part 1for establishing the approximation orders ofthe
schemes considered there. Taking the above notes into account we come to the
conclusion that the first, the third, and the fourth of the abovementioned problems
are specificin the theory of splitting and alternating direction methods. In this part,
we willfocus our attention on the description ofthe approximations to the solution
of these problems.
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Convergence Studies of the Splitting
Schemes by Use of the Fourier
Method (Spectral Method)

One of the general approaches to convergence studies of the splitting schemes is the
use of the Fourier method (spectral method). Despite the number of restrictions of
this method, it is widely used both for analyzing the stability and convergence of
various difference schemes and for convergence studies of iterative algorithms.
Consider the main concepts of this method.

40. General statement of the Fourier method

Assume that we solve the stationary problem (1) or the nonstationary problem (2)
with the help of one of the splitting schemes described in Part 1, which can be
reduced to the form:

(40.1)

According to Chapter IX, scheme (40.1) should be treated as an iterative solution
process for the stationary problem (1), and as a difference scheme for the
nonstationary problem (2). Many of the schemes described in Chapters II-IX
belong to this class of schemes. (The transition from schemes with fractional steps to
schemes of type (40.1) is usually carried out by exclusion of the intermediate
equations.)

The most important problem here is the convergence ofthe approximate solution,
obtained by scheme (40.1), to the exact solution of problem (1) or (2). The con­
vergence of cpi to the exact solution of the stationary problem (1) is considered as
the convergence of the iterative process (40.1), while the convergence to the exact
solution ofthe nonstationary problem (2) is to be regarded as the convergence of the
approximate solution of the difference scheme (40.1) when the time step r is being
decreased and, in general, may be included in operator T. To prove the convergence
in the latter case, it is necessary to study the approximation and stability of scheme
(40.1).

Assume that the approximation of (2) by scheme (40.1) is established. As
mentioned above, this can be done by classical methods that are developed in the
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(40.4)

theory of finite difference methods. To prove the convergence of the approximate
solution (40.1) to the exact solution cp it is necessary to establish the stability of
scheme (40.1). One of the methods for studying the stability of scheme (40.1) is the
Fourier method or the spectral method based on the analysis of the spectrum of the
transition operator T. At the same time this method allows to study the convergence
of the iterative process (40.1) to the solution of the stationary problem (1). Let us
formulate this method here.

Assume that the transition operator T is a linear operator acting in a certain
Hilbert space tP with domain ~(A)= tP, and Fi,g,cpiEtP.

Along with operator T, we introduce the adjoint operator T* and consider two
eigenvalue problems;

TIjJ == AIjJ, (40.2)

T*IjJ* = AIjJ*. (40.3)

Assume that (40.2) and (40.3) determine two systems of eigenvalues {An} and {).:}
and two corresponding systems of eigenfunctions {1jJn}, {1jJ:}, complete in tP and
orthonormalized in such a way that

{
l , n-e m,

(1jJn' IjJ :)(1) = 0 -I-, n..,...m.

Here, (., .)(1) denotes the inner product defined in tP.
Represent the function cpi, Fi and g in the form of Fourier series:

n n n

(40.5)

where cp~, F~, gn are Fourier coefficients determined by

cp~==(cpi, 1jJ:)(1)' F~=(Fj, l/I:)(1)' gn=(g, 1jJ:)(1)'

From (40.1) and (40.2) we obtain in the usual way the equations for the Fourier
coefficients:

mJ+ 1 =A mi+rFJ-r n «r n n, (40.6)

In order to study the stability of difference schemes of type (40.1) Neumann
introduced the so-called spectral criterion, the essence of which is given in the
Introduction. If for each Fourier coefficient cp~ the following relationship holds:

(40.7)

where C1n , C2n are positive constants, then the difference scheme (40.1) is declared to
be stable (or computationally stable).

Let us see what conditions must be imposed on the parameters of the difference
scheme (40.1) to satisfy inequality (40.7). Consequently excluding unknown
quantities from (40.6) we obtain

J
m J - 1

j g +r " u:' F i - 1
-r n- An n L... n n'

i= 1
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Hence it follows that

j' l-IA~I
ICPnl~IA~llgnl+r l-IA

nl
lFnl, (40.8)

where IFni =maxjIF~I.
The analysis of relationship (40.8) shows that the stability criterion will be

satisfied, if

IAnl ~ 1, n= 1, 2,.... (40.9)

Obviously, inequality (40.8) transforms, in this case, into

ICP~I~lgnl+rJIFnl. (40.10)

Ifwe solve the nonstationary problem (2) with the help of scheme (40.1) on the finite
time interval, then as a rule, rj~const. Hence, it follows from (40.10) that inequality
(40.7) holds.

Thus, under condition (40.9) the difference scheme (40.1) is stable according to von
Neumann. It follows from the study of approximation and stability that the
approximate solution (40.1) converges to the exact solution cP of the nonstationary
problem (2) (see the Introduction for Convergence Theorem 3.1).

It is easily seen that condition IAnl < 1 is also the condition for the convergence of
the iterative process (40.1) to the solution of the stationary problem (1).

Note that, in solving nonstationary problems (2) with the help of scheme (40.1), the
stability in the sense of (40.7) may also be established under the condition that

IAnl ~ 1+ Cor, Co=const >0, (40.11)

which is usually called von Neumann's necessary condition (see GODUNOV and
RYABENKII [1967]). This condition allows a growth of the round-off errors, which
is exponential in time.

The spectral criterion was already used to establish the splitting schemes in the
very first papers on splitting methods (see PEACEMAN and RACHFORD [1955],
DOUGLAS [1955, 1962], DOUGLAS and RACHFORD [1956]). It was also used in papers
by BIRKHOFF and VARGA [1959], PEARCY [1962], DOUGLAS and PEARCY [1963],
DOUGLAS and GUNN [1964], MARCHUK and YANENKO [1966], DYAKONOV [1962e],
MARCHUK [1968, 1969] and others.

The spectral criterion is sometimes called harmonic. This term was introduced for
studying the stability of the splitting schemes by YANENKO ([1967J, p. 16), who
formulated it in a somewhat different form though the essence remained the same.
Let us illustrate this with an example of a homogeneous equation with constant
coefficients. Let

ou/ot = 2(~)u (40.12)

be an equation with constant coefficients, where u is a scalar function of Xl' ..• , Xm

and t, and

2(~)= L aal ...a
m
~~l •• , ~~m (40.13)

is a polynomial in the differentiation operators ~i = %xi ·
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Consider a harmonic function

G.l. Marchuk CHAPTER X

u = UoeWE + ikX, Uo = const, kE7L. (40.14)

(40.15)

(40.16)

For (40.14) to be the solution it IS necessary and sufficient that there exists
a relationship between ill and k

ill = 2(ik)

(the so-called dispersion or characteristic equation).
Let

U"+l_U" (A) h
---=2 - U

T h

be an explicit homogeneous approximation to (40.12). Here A/h IS a certain
approximation to !?}, for example,

Ai Ti-E
~= h. -:»;

l I

where

~U(X1"'" X m ) =U(X1,···, X j +hi"'" Xm ), su-.«

(40.17)

Then (40.14) can be the solution of (40.16) if the difference dispersion equation

ew,; t .2'(eikhh-t)
_ (eiklhl _ 1)a1 (eikmhrn _ 1)am
-"ex ...
- 1.... al···am h h
aIm

holds.
Let p =ew,\ where ill is determined by the dispersion equation (40.17). Then the

condition for the stability of scheme (40.16) will be the following

Ipl ~ 1. (40.18)

The value p = p(k) is called the growth coefficient of the harmonic function (40.14).
As we can see, this value precisely determines the stability of scheme (40.16).

Such a method for studying the stability has been applied in YANENKO'S

[1967] monograph not only to (40.16) but also to three-layer schemes and to
fractional steps schemes, where the differencedispersion equation is written in terms
of the coefficient p.

Let us show that this method for analyzing the stability applied to scheme (40.1)
for FJ= 0 brings us to the earlier formulated spectral criterion.

Let problems (40.2) and (40.3) determine as before two complete systems of
eigenfunctions {l/Ik}' {l/It}, orthonormalized according to (40.4). Consider the
harmonic function

(40.19)

where k is a fixed integer and <Po = const. Then (40.19) may be the solution of scheme
(40.1) with FJ=0 under conditions
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where Ak is the eigenvalue of operator T corresponding to l/!k'

If p = eon, then the stability condition (40.18) transforms to IAkl ~ 1, i.e. coincides
with (40.9).

Hence the harmonic stability analysis is nothing but the spectral analysis
described above. As YANENKO ([1967], p. 16) notes, the harmonic stability analysis
is very convenient in practice.

It may be useful to note that there exist a number of strong restrictions in applying
the Fourier method to establish splitting schemes. First of all, it is required that
operators T and T* have a complete system of eigenfunctions. Besides, in using the
spectral approach for the convergence studies of the splitting schemes it is necessary
to find the eigenvalue of the operator T with a maximum absolute value or its
upper estimate as part of the numerical algorithm for solving (40.1). Despite these
restrictions, however, the Fourier method is still playing an exceptionally important
role in applications

In the following two sections we will demonstrate the method's application for
grounding splitting schemes in both stationary and nonstationary problems.

41. The Fourier method and the convergence studies of splitting schemes for
stationary problems

Consider the stationary problem in the form:

Acp=I,

where

(41.1)

(41.2)

Aaare operators of a simpe structure acting in a Hilbert space tP, ~(Aa) =~(A), j is
a given element of tP and cp is the solution to be found.

To solve problem (41.1)consider the method of successive approximations in the
form:

(41.3)

where T and Ta are arbitrary relaxation parameters, Ta , T > O. The difference equation
(41.3) was formulated by DVAKONov [1971d], DOUGLAS and GUNN [1964] and
SAMARSKII [1977] (assuming that Til!:::::T). MARCHUK and YANENKO [1966] considered
(41.3) as the scheme for constructing various difference methods.

Obviously, scheme (41.3) is a special case of the general universal algorithm (see
MARCHUK et al. [1981]):

J+1_ j

B cp cp + Acpi= j, (41.4)
T
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where B is some "stabilizing" operator; in the given case:

II

B= n (E+1ra Aa )·
a=l

The realization scheme for each step of the iterative process (41.3) may be
represented as

(E+trlAl)~i+l/n = -rFJ,

(E +1rzAz)~j+Z/II = ~J+ 1/11,

(41.5)

(E +1rnAn)~J+ 1 = ~j+{n-l)/n,

cp]+l =cpJ+~]+l,

where F] is the residual of the relaxation process, determined by the formula

(41.6)

It follows from the analysis of system (41.5)that each equation has a simple structure
which implies the inversion of "simple" operators (E+ lraAa).

Let us demonstrate the application of the Fourier method to study the
convergence of (41.3).

Assume that the operators Aa, ex =1,... , n,commute and generate a common basis
of eigenfunctions. Then, we consider n eigenvalue problems:

and the corresponding adjoint problems

A:u: = A.{a)u: , ex = 1, 2, ... , n.

(41.7)

(41.8)

Let the spectral problems (41.7) and (41.8) constitute n complete orthonormal
systems of functions {uak } and {U:l}. Assume that function f in (41.3) can be
expanded into a Fourier series in the eigenfunctions of problem (41.7):

00

f = L fk' UaUZk' ··Ullk·
k=l

We will also find the solution of (41.3) in the form of the series

00

cpi = L cpl U1k UZk .•• Unk"
k=l

(41.9)

(41.10)

The following statement is valid: The iterative process (41.3) converges if
(1) operators Aa , ex= 1, ... , n, commute and generate a common basis of

eigenfunctions;
(2) the eigenvalues {ALa)} of problem (41.7) are positive;
(3) rll!~r>O.

Indeed, substitute (41.9) and (41.10) into (41.3) and take the inner product of the
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(41.11)
k = 1, 2, ... ,

result with uTI. U~"" ., u:,. Then we get the simplest equation for the Fourier
coefficients qJ{:

n j+ 1 jn (1 + 1TaA~») qJk - qJk + AkqJ{ fb
a=l L

where

n

Ak= L A~a),

a=l
(41.12)

and A~a) is the eigenvalue of the operator Aa, corresponding to uak.
Solving equation (41.11) with respect to the unknown qJt 1, we have

nn (l +!LaA~a») - TAk
j+ 1 _ a= 1 m j + -'--__

qJk - n "f'k n
Il (l + !LaA~a») Il (1 + !LaA~a»)
a=l a=l

(41.13)

Assume that the spectrum {A.~a)} is positive. Then, it is easy to formulate the
convergence criterion for the iterative process (41.13). To this end, consider the value

(41.14)a

Il (l + 1LaA~»)
a=l

nn (l +1T A~a») - TAk
a=lqk = =--=---~---

As follows from Section 40 the convergence criterion for the iterative process (41.13)
(and therefore for (41.3) as well) is the condition

Iqkl < 1.

This means that the following inequality must hold:

(41.15)

n

Il (1+1LaA~a»)>!LAk'
a=:l

(41.16)

Obviously, the condition

(41.17)

is sufficient for (41.16) to hold. Thus, it follows that the iterative process (4.3)
converges under the above conditions.

Analogous problems involving the convergence study of splitting schemes by use
of the Fourier method have been considered in papers by SAMARSKII and ANDREEv
[1964], SAMARSKII and NIKOLAEV ([1978], Chapters X-XI), SAMARSKII ([1977],
Chapter X, Sections 3-4).

The problem of choosing parameters La and T ofthe relaxation process (41.3) will
be considered separately in Chapter XIII.
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(42.1)

42. The Fourier method and the grounding of the splitting schemes for
nonstationary problems

Consider now non stationary problems. In choosing a suitable splitting method for
such problems we keep in mind, above all, the requirement of effective realization
and absolute stability of the schemes.

The approximation problem is likewise important since it is tightly connected
with the effectiveness of the numerical algorithm (see SAMARSKII [1977], p. 476).
Indeed, if first-order schemes are used to approximate the solution of the
nonstationary equation, small steps in time and space should be used in
computations to obtain the necessary precision. However, often it is reasonable to
apply schemes of second and higher orders. Large steps in time and space may be
chosen in this case essentially saving computer time. Although it is clear that the use
of second-order schemes leads sometimes to insurmountable difficulties, since
difference schemes of second order turn out to be unstable in some cases.

In this section we will demonstrate three applications of the Fourier method for
grounding known splitting schemes for the non stationary problem

o<p/ot +A<p = / in Qt'

<p =g for t =0.

(1) Divide domain Qt into subintervals r = At and replace (42.1) with the difference
equation:

n j+ 1 i
IT (E+1-rAa) <p -<p +A<pJ=/i+ 1/ 2,

a=1 r

o<p =g. (42.2)

(42.3)

Here Aaare operators with :E~=lAa = A. For the sake of simplicity consider A and Aa
to be independent of r.

Scheme (42.2) approximates problem (42.1) with second-order accurary in r when
the solution (41.1) is smooth enough. If operators Aa commute and generate a
common basis of eigenfunctions, the eigenvalues {ALa)} of which are nonnegative,
then scheme (42.2) is absolutely stable according to von Neumann.

Indeed, let us show that problem (42.1) is approximated by scheme (42.2).
Consider the Taylor series

<pi+ 1 = <pi+ 1/2 + i-r <p!+ 1/2 + k-r2<pft+ 1/2 + .",

<pi = <pi+ 1/2 _ i-r <p{+ 1/2 + k-r 2 <P;t+ 1/2 + ....

Replacing (42.2) with (42.3), we obtain

o<p/ot+A<p= / +O(-r 2
) for t=tJ+1/2. (42.4)

Hence the difference scheme (42.2) approximates problem (42.1) with order O(-r 2
) .

To study its stability, reduce scheme (42.2) to the form:

(42.5)
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where

n

B= n (E +!rAa),
a::= 1
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F}=rB-lfJ+lIZ.

As follows from Section 40 the following condition is sufficient for the stability of
scheme (42.5):

(42.6)

where Ak(T)are the eigenvalues of operator T, which, as can easily be seen, under the
above conditions coincide with the values qk of (41.14) for ra=r. Since Ala) ~o and
r > 0, inequality (42.6) holds.

Hence, scheme (42.2) is stable.
The realization scheme of (42.2) coincides with (41.5).

(2) Consider now another scheme of the splitting method, introduced by
DVAKONOV [1962f] for the solution of problem (42.1):

n n

L (E+1r Aa)c,I)J+l= Il (E-!rAa)(l+rfi+
1I Z.

a~l a=l

The realization scheme of this algorithm is as follows:

mi+aIZn=(E_1"'A )m}+(a-l)/Zn fV=1 n-1
'I' Z" n-a+l'1' ,~, ... "

cp)+ u: =(E -!rA l)cp}+(n- l)/Zn +1ri" '".
(E +!rA 1 )cpJ+ lin = cpJ+ itz +1r f)+ liZ,

(E +1rAa)cpi+
al,,= cpi+(a-l)/n, 1l=2, ... , n.

(42.7)

The Fourier method may be also used to ground this splitting scheme.
Scheme (42.7) is a second-order approximation in r of problem (42.1) on

sufficiently smooth solutions. If operators Aa commute and generate a common
basis of eigenfunctions, the eigenvalues {A~a)} of which are nonnegative, then scheme
(42.7) is absolutely stable.

To prove this statement consider the Taylor series (42.3) and substitute them for
(42.7). As a result we get (42.4). Therefore, scheme (42.7) approximates (42.1)
with order O(r2 ) .

To study the stability of (42.7) let us introduce the following notations:
n

B= n (E +!rAa),
a::=l

n

c= n(E-!rAa)·
a= 1

Then (42.7) can be reduced to the form (42.1):

cpJ+ 1 = Tcpi+ri. (42.8)
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where

T=B- 1C,
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FJ= rB -lfl+ 1/2.
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According to Section 40 the following condition is sufficient for the stability of
scheme (42.8):

where A"(T) are the eigenvalues of the transition operator T.
Because of the restrictions imposed on Aa it is easy to prove that

" 1- rA~a)

A"(T)= n 1+ A(a)'
a::l r"

(42.9)

(42.10)

(42.11)

Hence, condition (42.9) holds if A~a) ~ 0, i.e., ifthe splitting scheme (42.7) is absolutely
stable.

(3) Let us demonstrate the Fourier method's application for grounding the
splitting scheme considered by MARCHUK [1968] for the solution of the non­
stationary problem (42.1).

First of all find the solution of (42.1) in the interval tl~l~ti+1/2' where
t1+ 1/2 =tj+ir, by the splitting method

1+ 1/2" i
q> 1 -q> +Alq>1+1/2"=fl+1/2,

zr
q>J+ 2/2" _ q>J+ 1/2"
-_--,- +A (()i + 2/2" =0

1 2'1' ,zr

If solution (42.11) is obtained, we find the solution of (42.1) for t=t1+ 1 , using
a difference scheme of second-order approximation

(42.12)

(42.13)

The realization scheme of (42.11)-(42.12) has the form:

(E +!rAl HE +!rA2)··· (E + irA")q>l+ 1/2

=q>i + ir f i+ 1/2,

q>J+ 1 = q>l+r(fJ+ 1/2 _ Aq>l+ 1/2).

Scheme (42.13) approximates (42.1) with second-order accuracy in r when the
solution of (42.1) is smooth enough. If the operators Aa commute and generate a
common basis of eigenfunctions, the eigenvalues of which are nonnegative, then
scheme (42.13) is absolutely stable.
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To show this consider the first equation of(42. 13). This is a first-order scheme for
(42.1) in the interval tl~t~tj+1/2 for the class of smooth solutions.

Indeed,

(E +trA1)(E + !rA2) .. · (E +trAn)=E +!rA + tr 2 R, (42.14)

where

R =(A 1A2+ ... )+!r(A1A2A3 + ... )+ ... + (ir)n A 1A2 ... An'

It follows from (42.13) and (42.14) that

1+1/2 1
qJ - qJ + A qJi+ 1/2= f 1+ 1/2 + Orr), (42.15)

ir

Correcting the solution with the help of (42.12) we get:

qJl+ 1=qJ)_r(AqJl+ 1/2_ fl+ 1/2). (42.16)

Substituting qJl+ 1/2 of (42.15) into (42.16) we get the following equation:

1+1 1 )+1 i
qJ -qJ +AqJ +qJ =fl+ 1/2+O(r2). (42.17)

r 2

Hence, scheme (42.13) coincides with the well-known Crank-Nicolson scheme with
the accuracy of O(r 2

) . It thus follows that (42.13) approximates (42.1) with second­
order accuracy in r.

To study the stability we exclude the intermediate steps and express qJi+ 1 in qJ.
Denote

n

B= n (E+trAa)·
a==1

Under the above conditions B is invertible and from (42.13) we obtain

qJl+1/2=B-1qJi+!rB-1fl+1/2.

Substituting (42.18) into (42.16) we obtain:

qJJ + 1 = nqJl+F J,

where

(42.18)

(42.19)

II = (E-rAB- 1), Fi= r(E - !rAB- 1)f1+ 1/2.

It follows from Section 40 that the following condition is sufficient for the stability
of scheme (42.19):

IAk(ll) I~ 1, k = 1,2, .. " (42.20)

where Ak(ll) are the eigenvalues of the operator Tl.
When the operators Aa commute and generate a common basis of eigenfunctions,

operator II coincides with operator T of (41.15) and the eigenvalues coincide with
the values qk' defined in (41.14) for ra = r. Then, if A~a) ~ 0, the inequality (42.20) holds
and (42.13) is absolutely stable.
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It is evident that the Fourier method plays an important role in grounding the
splitting schemes. It should be noted, however, that the use of this method not only
supposes the general requirements (for example, that eigenfunctions ofthe operator
be complete) which have been considered in Section 40, but also some additional
restrictions in each of the cases. For example, in Sections 41 and 42 it was required
that the operators Acr are commutative and have a nonnegative spectrum. These and
other restrictions make it difficult to use the Fourier method for studying the
convergence of the splitting schemes.

In the following chapter, we will consider the a priori estimates method which
allows, in some cases, to ground a whole class of splitting schemes under weaker
restrictions.



CHAPTER XI

The A Priori Estimates Method and
the Convergence Studies of the
Splitting Schemes

In studying the convergence of the splitting schemes, it is important to know in what
way the definition of a scheme's stability is chosen. The a priori estimates method is
based on the stability of the scheme's solution in an energetical norm (see the
Introduction). The idea of this method is to obtain an a priori estimate for the
approximate solution, which helps to prove the scheme's stability and-if there
exists an approximation-its convergence as well.

In this chapter we will consider the application of this method for grounding
various splitting schemes.

43. The simplest a priori estimates

Let us solve the non stationary problem:

OlfJ/ot+ AlfJ = f in Qt'

lfJ=g for t=O,

using one of the splitting schemes (see Part 1). We write such a scheme in the form:

.P( lfJ1:) = i'. (43.1)

where .P is an operator acting in the grid space tP1:' f1: EtP1:' and lfJ1: is the solution to
be found. (In the general case, the right-hand side f1: in (43.1) may belong to another
grid space F1:.)

We assume that the approximation of (43.1) is established. Following the
Introduction, we will regard the difference scheme (43.1) as stable if for any
parameter r characterizing the approximation the following inequality holds:

(43.2)

where c is a positive constant independent of rand 11-11",< denotes the norm in tP1:'
The definition of stability in this form is in close connection with the notion of

correctness of problems with a continuous argument. It may be noted that the

315
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stability establishes the continuous dependence of the solution on the initial data in
the case of a problem, (43.1), with a discrete argument. Indeed, as follows from
estimate (43.2) small variations of the input data jf: lead to small variations of the
solution ql.

Thus, the definition of stability in the form (43.2) ties the solution itself down to
a priori information about the input data ofthe problem. To analyze the stability of
many of the splitting schemes this definition is more convenient and informative
than Neumann's definition of stability.

First of all, we consider the simplest a priori estimates obtained on the basis of this
definition and show their application for studying the convergence of various
splitting schemes.

While solving nonstationary problems by the splitting method (fractional steps
method) the difference scheme may often be reduced to the form (40.1):

(43.3)

where T is the transition operator from one time layer to another acting in some
Hilbert space 4> and g, F j E 4>.

To analyze approximation and stability it is convenient to write the scheme in the
form (43.3) (especially when approximation and even stability do not occur on each
of the intermediate steps).

It was already noted in Section 40 that many splitting schemes are reduced to the
form (43.3) by excluding fractional (intermediate) steps.

Assume that the approximation of the exact problem by scheme (43.3) has been
established. Let us see what conditions should be imposed on the operator T to
obtain the stability estimate (43.2).

The formal solution of (43.3) has the form

j

qJi = Tig + 7: L Tj-l r': \ 0 ~j7: ~const,
i= 1

which implies that

IIqJj 11<1>~ II T II ~ II gll<l>

+ (1 + II T II <I> + ...+ II T II ~- 1)•max II F j II <1>'
j

Assuming that

IITII<I>~l

we obtain an estimate in the form (43.2) which follows from (43.5):

IIqJf: 11<1> ~ Ilg 11<1>+ const -rnax II Fjll<l>'
t •

]

where

Hence the following statement is valid.

(43.4)

(43.5)

(43.6)

(43.7)
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If (43.3) approximates the evolutionary problem

Olp jOt + Alp = f in Up

lp=g for t=O

and II TlIlI>~ 1, then (43.3) is absolutely stable and the approximate solution lp't

converges to the exact solution lp of the problem.
(This follows directly from the above considerations as wellas from Convergence

Theorem 3.1.)
Naturally, condition (43.6) is a sufficient stability condition. More sophisticated

criteria may be found via the norm of powers of the transition operator, II T i IllI>' But
a weakened condition makes a constructive procedure of establishing the stability
criteria more difficult. It is the sufficient condition (43.6) which is used, as a rule, in
practical calculations.

Consider the case that the operator Tis self-adjoint, i.e. T* = T and the problem
Tl/J = Al/J determines a complete system of eigenfunctions {l/Jn} corresponding to
eigenvalues {An}. Therefore any element lp of $ may be represented in a Fourier
senes.

In this case

and the stability condition (43.6) converts into:

(43.8)

Thus weget condition (40.9). This means that, in the case ofthe self-adjoint operator
T, the sufficient stability conditions according to Neumann and those according
to definition (43.2) coincide.

For example, let us formulate the convergence conditions for the homogeneous
two-level splitting scheme:

lpJ+k/P~ lpi+(k-l)/p

r
A mj+(k-l)/p +A m j+ k/p

k; k~ 1 -r k,k -r

(43.9)
k= 1, ... ,po

This scheme was applied by YANENKO ([1967], p. 149) for solving the evolutionary
problem for f = O. The operator A is assumed to be split as follows:

p

A= I A(k),

k=l

(43.10)

where Ai,} are operators acting in $.

Assume that the operators Ai,} are commutative and that the following conditions
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hold:

rIIAi,illlt><1, i=1, ... ,p,
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pn (E-rAi,J-I(E+rAi,i-l) <1.
j=l It>

Then (43.9) approximates the problem

oqJjot +AqJ = 0 in at'

qJ=g for t=O

with first-order accuracy in r and is absolutely stable. The approximate solution of
scheme (43.9) converges to the exact solution of the problem with the order Orr).

To prove this we construct the corresponding scheme with integer steps.
Equations (43.9) may be rewritten as follows:

(43.11)

where

Ak=(E-rAk,k)'

k=1, ... ,p.

Excluding the intermediate equations and using the fact that operators A k and Bk are
commutative we obtain the scheme with integer steps

AoqJj+ I = BoqJi,

where

A =A . A ..... Ao I Z p'
B =B •B ..... Bo 1 Z p'

(43.12)

Under conditions r II Ai,i lilt> < 1, i= 1,... , p, operator Ao is invertible and it follows
from (43.12) that

(43.13)

Thus, by excluding fractional steps the splitting scheme (43.9) is reduced to (43.13)
with integer steps and has the form (43.3).

Consider the scheme's approximation. Expanding operators Aoand Bo in powers
of r we obtain

Ao=E-r(A1, 1 +Az,z+'" +Ap,p)

+rZ(A1,1 +A1,z+'" +Ap-l,p-1Ap,p)

+ ... +(-1)prPAl,IAz,z,,·Ap-I,P-IAp.p, (43.14)

Bo=E+r(AI.O+Az.1 + ... +Ap,P-I)

+rZ(AI.oAz.1 + ... + Ap-I,p-zAp,p- d+'" + r P A 1,oAz.1 ,,·Ap,P-l'
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In view of (43.14), scheme (43.12) can be transformed into

mJ+ 1_ mJ p
-r -r ~ , J+l
~~--= L. (Ak,k~ 1 lpJ + Ak,klp )+ rF,

r k= 1

where

(43.15)

2 . 1 '+ 1+ ... + rP - (A l,oA 2 , 1 ... Ap,p-l lpJ +( -1)p~ A 1, 1 A2 , 2 •.• Ap,plpJ ).

Substituting the Taylor series

lpJ+l =lpj+rlp!+!rlpft+'"

into (43.15) and taking (43.10) into account we obtain:

Olp/ot +Alp=O(r) for t= tj'

This means that difference scheme (43.9) approximates the problem

Olp/ot+ Alp=O in Dr>

lp=g for t=O

with the first-order accuracy in r.
To study the stability of (43.9) we write it in the form (43.13). It follows from (43.6)

that the sufficient stability condition for (43.9) will be

IIAolBolltfl~l, (43.16)

which holds under the above assumptions.
From the study of approximation and stability the convergence of the two-layer

fractional steps scheme (43.9) follows with the order Otr),
In the general case of noncommutative operators Ai,j convergence criteria for

(43.9) are analogous, although the proof is more complicated. In order to prove the
approximation we have to modify the exclusion method in the case of non­
commutative operators. The idea of such a modification belongs to Y ANENKO

[1964a] and was worked out in detail by YANENKO [1962] and BOYARINTSEV [1966].
YANENKO ([1967], p. 151) proved the convergence of the splitting method (43.9) in
case of commutative operators Ai,J for weak conditions on the operators Ao and
Bo·

44. A priori estimates for the splitting scheme of type Ajcpi+ 1= BJcpi + 'rj / 1

Consider a more general splitting scheme for the evolutionary problem

olp/ot+Alp=! in Dr>

lp=g for t=O,
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which can be written in the form:

AJqJl+l = BjqJl+TJfl, qJ0=g, (44.1)

where A j and B j are operators acting in tP depending, in general, on the number j of
the time step Tj and a.I' E tP.

Excluding fractional steps (see, for example, (43.11)), we often come to schemes of
type (44.1).

Assume that (44.1) approximates the evolutionary problem

OqJjOt+ AqJ = f in Dt,

qJ=g for t=O

with some order of accuracy in T, operators AJ are invertible for each j and the
following conditions are satisfied:

(44.2)

where M and N are positive constants and

T= max TJ' 0~jT ~ To < 00.
J

Then (44.1) is absolutely stable, and the following a priori estimate holds for its
solution qJj:

(44.3)

The approximate solution of scheme (44.1) converges to the exact solution of the
problem.

Indeed, operators A j being invertible, (44.1) may be written in the form:

qJj+l=AjlBjqJj+TJAJ-lfl, qJ0=g. (44.4)

Thus, under conditions (44.2) we obtain successively:

II qJ lll¢>
~(l + NT) II g II¢> + ToMII t" II¢>,

II qJ211ll>~(1 + NT) Ilg II¢> +T 1 Mil fIll¢>

~(1 +NT)2I1gll¢>+ToM(1+NT) lifO II¢>+ MTIllf' II¢>,

etc., i.e.
j

II qJlll¢> ~(1 + NT)jllg 11ll> + M I Tj-l (1 + NT)j-ili f i
-

lll¢>o
i= 1

Then for j= 1, 2, ...

II <pi II..,;; (I +Nr)' (IIg II..+Mit, rl-l 1Ifi-! II..).
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Having (1 + NTY ~ eNt j ~ eNTo
, we obtain

II~ II .. ";; eN To (lig II.. +M,t T,_t1lf i
-

1
11 ..)-

Scheme (44.1) is, therefore, absolutely stable and the a priori estimate (44.3) is valid.
The scheme's convergence results from its approximation and stability.
It follows that the homogeneous two-layer scheme (43.12) converges under the

conditions that

IIAo/llf)~M,

If in (44.1)

IIAo1 BIIlf)~ 1+ NT. (44.5)

Aj=E,

we obtain the classical scheme (43.3).
If approximation conditions are satisfied, (43.3) converges when

IITIIlf)~I+NT, N=const>O.

This follows from the above considerations.
At the same time the a priori estimate (44.3) for M = 1, Tj _ 1 =T holds.
The condition

IIT)IIlf)~c, c=const>O

is more general than (44.6).
Replacing (44.6) with (44.7) we easily get the a priori estimate:

(44.6)

(44.7)

(44.8)

Note that in the case that self-adjoint operators Aj and Tj = AT 1Bj have a
complete basis of eigenfunctions, the convergence conditions (42.2) are equivalent to
the following conditions:

maxlAn(A)-1)1 ~M,
n

maxIAn(T)1 ~ 1+ NT,
n

(44.9)

which are called Neumann's stability conditions (see DYAKONOV [1971d],
RICHTMYER and MORTON [1972]). Here An(A) denotes, as earlier, the eigenvalue of
the operator A.

Estimates oftypes (43.7), (44.3) and (44.8) are the simplest a priori estimates. They
have been constructed using information about the norms of the problem's
operators.

Using a priori estimates constructed in the same way, the splitting schemes have
been grounded by many authors, for example by DYAKONOV [1962c, 1962f, 1971d],
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SAMARSKII [1977] and MARCHUK [1973, 1980]. In particular, the a priori estimates
method has been used for grounding the two-cycle componentwise splitting schemes
considered in Chapter III.

More sophisticated estimates may be obtained using the energy inequalities
method which is considered in the next section.

45. The energy inequalities method for constructing a priori estimates

The energy inequalities method is one of the general and rather effectivemethods for
obtaining a priori estimates. Its essence consists of the following.

Consider scheme (43.1) in a Hilbert space 4JT:' The inner product of(43.1) with <pT: in
4JT: is

(45.1)

(45.2)XEQ, t>O

Equality (45.1) is called an energy identity (see, for instance, SAMARSKII [1977], p.
359). For linear problems the left-hand side of (45.1) is a quadratic form of <pT:, and
the right-hand side is a bilinear form with respect to fT: and <pT:. After some
transformations one obtains lower estimates of (.P(<pT:), <pT:)~ , upper estimates of

r

(fT:, <p T:)~ and, then, a priori estimates of type (43.2). In these transformations the
r

Green difference formulae, formulae of summation by parts, and grid analogues of
imbedding theorems are often used. Sometimes one obtains systems of difference
inequalities. Estimating their solutions, one obtains (43.2). Estimates of the type
(43.2), obtained from (45.1), are called energy inequalities.

Energy inequalities for the simplest difference schemes were first obtained in the
well-known article by COURANT, FRIEDRICHS and LEWY [1928]. For a broad class of
problems the estimates of this kind were studied by LADYZHENSKAYA [1956, 1968],
LEES [1960a-b], SAMARSKII [1961b, 1977], DYAKONOV [1962e, 1971a, 1971d], etc.

Such a method for obtaining energy inequalities has been applied for grounding
the splitting and alternating direction methods. Some of the first papers in this
direction were by LEES [1960c, 1961], where the energy inequalities method has been
applied for grounding the simplest splitting schemes. This approach has been further
developed by DYAKONOV [1962c, 1962e] and SAMARSKII [1962c-d, 1963b]. In their
papers the splitting schemes have been grounded with the help of a priori estimates
for various problems of mathematical physics.

Let us shortly summarize the results obtained in these papers.
LEES [1961] considered the implicit alternating direction methods of Douglas,

Peaceman and Rachford for solving the first boundary value problem for the
parabolic equation

o<p N oZ<p
~= L -z'ot i=10Xi

with initial condition

<p(X, 0)= <Po (x), (45.3)
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The exact solution (J)(x, t) is assumed to be a sufficiently smooth function, its support
for a fixed t lies in the domain Q. Excluding intermediate steps from the splitting
schemes Lees obtains equalities which lead to energy identities ofthe type (45.1). On
the basis of difference Green formulae and grid analogues of the imbedding
theorems he comes to the stability estimate for approximate solution (J)h;

(45.4)

XED, t>O

where 11'lIlf>h is the usual vector norm in the grid space <Ph' c is a positive constant
depending on N and on the grid coefficient

here r and hi are steps in time and in space respectively.
Besides the estimate (45.4) ("the initial data" stability) LEES [1961] obtained

estimates for the convergence speed of the splitting schemes.
As mentioned by LEES [1961] the energy inequalities method allows to ground

implicit alternating direction methods for the parabolic equation

0(J) N 0 ( O(J))
--;-= ,2: ~ aj(x, t)~ ,
vt 1= 1 ox vXI

with variable coefficients aj(x, t).
In another paper, LEES [1960c] considered two difference methods for solving the

mixed problem for the simplest two-dimensional wave equation

(45.5)

These methods were obtained by the author from the simplest approximations of
problem (45.5) using DOUGLAS and RACHFORD'S [1956] splitting procedure. In the
same way the energy inequalities method was used for grounding these methods. As
mentioned by the author, the results may be generalized for hyperbolic equations of
the type:

02(J) 02(J) 02(J) ( 0(J) 0(J) O(J))
ot2 =a(x, y, t) ox2 +b(x, y, r) oy2 + F x, y, t, (J), ox' oy' fu .

It was shown by DVAKONOV [l962c] that a somewhat modified YANENKO [1959a,
1960] method of fractional steps is-under zero boundary conditions-an
absolutely stable and convergent difference scheme for equations of the type:

O(J)/ot = L(J) + j, (45.6)

where L is a self-adjoint elliptical negatively defined operator with separable
variables of order 2m. Here for m> 1 the method's convergence-is understood as the
convergence to a generalized solution. Difference energy inequalities are the main
tool for the proof. The analogous result for the classical solution of problem (45.6)
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for m= 1 was obtained by DYAKONOV [1962e] where a priori estimates like those of
LEES [196Oc, 1961] were constructed.

SAMARSKII [1962c] considered the alternating direction method (see Section 12)
for solving linear and quasi-linear equations of a parabolic type:

p

()(p/ot=LqJ= I LaqJ·
a= 1

(45.7)

This method uses any number Pof space variables and is applicable for an arbitrary
domain G.

Its essence consists of the following. In each layer

tj+(a-l)/p~ t ~ tj+rI./p = tj+ra/p, ~= 1, ... .p,

a one-dimensional difference equation is solved:

To this end homogeneous difference schemes are used:

qJj+a/p_ qJi+(a-l)/p
--------AaqJj+a/p=o.

r
(45.8)

These have been studied by TIKHONOV and SAMARSKII [1961], SAMARSKII [1961a,
1962a-b] and SAMARSKII and FRYAZINOV [1961].

In the paper by SAMARSKII [1962c] the uniform stability ofthe method was proved
with respect to the right-hand side, boundary and initial data. It was shown that
locally one-dimensional schemes and multidimensional implicit difference schemes
(see SAMARSKII [1962b]) have accuracy O(h2 + r). In establishing the a priori estimate
of stability the author has used the maximum principle for difference parabolic
equations.

SAMARSKII [1962d] grounded the local one-dimensional alternating direction
method for (45.7) in the case where on each stage (unlike SAMARSKII [1962c]) six­
point one-dimensional schemes were considered. The method's convergence is
proved for grids with arbitrary steps. Using the energy ("integral") inequalities
method and a special summation method for local errors, the a priori estimate for an
approximate solution is obtained.

In another paper by SAMARSKII [1963b] two-layer schemes were considered with
accuracy of order O(h4 + r 2

) for the multidimensional heat conduction equation
(45.7) applicable for p~3. For the realization a number of splitting algorithms
requiring the same number of operations as the corresponding algorithms of
O(r2 +h4

) were used (see DOUGLAS and RACHFORD [1956], DYAKONOV [1962e],
YANENKO [1959a, 1961]). It was shown that these schemes are absolutely stable
and converge in the mean with the rate O(h4+r2

) for any value y=r/h4
. For

stability studies a priori estimates obtained from an energy identity on the basis of
Green difference formulae and grid analogues of the imbedding theorems were
constructed.
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(45.9)
qJ=g for t=O.

Assume that

The use of the energy inequalities for grounding the splitting schemes for
stationary problems was dealt with in papers by SAMARSKII and ANDREEv [1964],
SAMARSKII ([1977], Chapter X), etc.

As we see from these papers the energy inequalities method is widely used for
grounding the splitting and alternating direction schemes for various problems of
mathematical physics.

To conclude this section let us demonstrate the use of this method for grounding
the splitting schemes in case of an implicit difference approximation (see MARCHUK
[1980]). To this end consider the problem

oqJ/ot +AqJ = f in Qt,

where all operators AGl are time-independent and positive-semidefinite in Hilbert
space <P (AGl~O), i.e. (AGlqJ, qJ)tJ)~ 0 for all qJ ED(AGl). Consider the splitting algorithm
in the form

(45.10)

With the help of the energy inequalities method let us prove the following
statement.

Scheme (45.10) approximates problem (45.9) with first-order accuracy in r on
sufficiently smooth solutions and is absolutely stable under the condition that
AGl~O.The approximate solution of (45.10)converges to the exact solution of(45.9).

In order to prove this we consider the following. The approximation of scheme
(45.10) is obvious; it is proved by excluding fractional steps and using a Taylor series
for qJl+ 1.

Using the energy inequalities method we prove the stability of (45.10). Take the
inner product of each of the equations (45.10) with qI+ l/n, ••. , qJl+ 1 , respectively.
Thus using the positive-semidefiniteness of operators AGl, we obtain

(45.11)

Consider the last equation obtained from (45.10) in more detail. We have

(qJj+ 1, qJj+ 1)tJ) = (qJj+ (n -1)/n, qJj + 1)tJ)

~ r(AnqJj+ 1, qJj+ 1)tJ) +tt f j, qJj+ 1)tJ).
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Taking into account that An ~O we obtain

(cpj+\ cpj+I)<JII~(cpj+(n-I)/n, cpj+I)",+r(f j, cpj+I)",.

Since

I(cpj+(n-l)/n, cpj+I)",I~ IIcpj+(n-n/n 11",11 cpj+1 II""

I(I'. cpj+ I )",1 ~ II I j!l", II cpj+ I II""

we have

II cpj+1 II ~~ II cpj+(n - I l/211 '" II cpj+I II", + r II f j II", II cpj+I II",.

Dividing by II cpj+ III", we get the following inequality:

Ilcpj+III",~ Ilcpj+(n-I)/nll",+rll fjll",.

Excluding the solution with a fractional index with the help of (45.11) we obtain

Ilcpj+III",~ IlcpJII",+rllfjll",. (45.12)

Taking into account that II cpo II", = II g II", and excluding intermediate values of the
solution we obtain the a priori estimate:

II cpJ+ III",~ IIgII", + rj II I ""'r'
where

11111", =max!IIJII",.
r J

It thus follows that the difference scheme (45.10) is absolutely stable.
The convergence follows from the approximation and stability. Thus, the

statement is proved.
We have come to the conclusion ofthis chapter that the a priori estimates method

is an effective technique for the convergence studies of splitting and alternating
direction schemes.



(46.1)

CHAPTER XII

The Splitting of the Evolutionary
Problem for a System of Differential
Equations

As noted above, for a system of difference equations with properly chosen operators
A(I the initial evolutionary problem is preliminarily split in a number of splitting
algorithms. Then, each equation of the system is approximated by a suitable
difference scheme and additional splitting ofthe A(I in A(lp is possible. In this chapter,
we consider some of these splitting methods and their grounding for a system of
difference equations.

Note that the operator A in the initial problem is not necessarily a matrix. It may
be some abstract operator acting in a Banach space 41. Let us agree to write the
partial derivative in t as oqJ/ot~ in all equations under consideration, though, in some
occasions it would be more correct to use the conventional notation ofthe derivative
with respect to t.

46. The splitting of problems defined on fractional intervals and the weak
approximation method

Assume that in a Banach space 41 the Cauchy abstract problem is considered,

oqJ/ot+AqJ=f in D,={O<t<T},

qJ=g for t=O~ g E 41~

where A = A(t) is a linear operator that has a domain of definition dense in 41 and
a range in 41. The functions qJ(t) and f(t) are abstract functions of t E [O~ T] with
values in 41.

Let operator A be representable as the sum

n

A= L A(I
(1==1

(46.2)

of linear operators A(I(t) with the same domain as A. Then solving problem (46.1)
may be approximately reduced to successively solving Cauchy problems of type
(46.1), where instead of A we have operators A(I~ ct = 1, 2~ ... , n. Let us consider the

327
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first of those reduction methods (SAMARSKII [1962c], YANENKO [1964b], YANENKO

and DEMIDOV [1966]).
Introduce the grid t j = j x L,j=O, 1,... , J with the step r. Represent f in the form

(46.3)

and rewrite (46.1) in the form

(46.4)

(46.5)
r:x. = 1,... , n

Introduce the fractional values t j +«[n, r:x. = 1,... ,n- 1,on the interval ti.> [t j , tj + 1]
and consider the following system of equations on fractional intervals:

1 oqJ~
~ --;--+A~qJ~= f~,
n vt

with conditions

<J>1(0)=g,

qJ~(t)=qJn(t)), j=I,2, ,

cp~(tj+(~-1)/n) = qJ~-l (tj+(~-1)/n)' j =0, 1, ,

r:x. =2,3, ... .n.

(46.6)

As a solution of problem (46.5)-(46.6) we will consider the element

qJ)+ 1 = qJn(tj+ d. (46.7)

The next stage in the solution of the initial problem consists in solving numerically
problem (46.5)-(46.6). To that end, the corresponding difference schemes in t (and
possibly the additional splitting of A~ in A~p, r:x. = 1, 2, ... ,n) can be used. If the
structure of the operators A~ is simple enough, we obtain an effectively realizable
splitting scheme for problem (46.1).

Let us formulate some results to ground the transition from (46.1).0 (46.5)-(46.6).
To that end, we introduce concepts connected with the weak approximation method
(YANENKO and DEMIDOV [1966], YANENKO [1964b]). We will say that the family of
functions 'PT(t) weakly approximates the function 'P(t) in t on the interval (0, T), if

t"f('P,(eJ- 'P(~»d~=J(t', r, f), (46.8)

r

where 1I<>11l1>-+0 for r-s-O and t'.t" E(O, T). Further, we say that the family of linear
differential operators AT(t) weakly approximates the operator A(t) in t, if the weak
approximation for coefficients of A(t) takes place. Now, taking (46.2) into account we
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introduce the operator

n

A-r= I prx(r,t)oArx,
rx=l

(46.9)

where the functions PAr, t) are defined in the following way:

. (rx-l rxr)prx(r, t)=nobrxi, If t E tj+-n-r, tj+-;; .

(Here brxi is the Kronecker delta.) It is easy to notice that operator A-r weakly
approximates the operator A. Together with (46.1) we consider the following
Cauchy problem:

(46.10)
in Dt ,

qJ=g for t=O.

Its solution will be defined by qJ =qJ-r' It is easy to see that for frx = f7:ln this problem
may also be written in the form (46.5)-(46.6). Assuming h - f and h fin, then (46.3)
and the conditions for weak approximation f by [; hold and the problems
(46.5)~(46.6) and (46.10) coincide. Thus, problem (46.10) constitutes a splitting
system of equations and to ground the transition from (46.1) to (46.5)-(46.6), it is
sufficient to study the convergence of the problem's solution qJ-r to qJ(t) fo r r---+O.

Now assume that operator A has a form

A= (46.11)

where xI' ... 'Xm are real variables on which the functions in 4J depend. All
coefficients ak 1 .•• k", are assumed to be real, limited and continuous on t in a uniform
metric. The order of the differential operators Arx in representation (46.2) is
considered to be finite. Further, if all the derivatives of the function a(x I' ... ,Xm ' t)
exist in Arx and are limited and continuous in a uniform metric, we then say that
a(x I' ... , X m ' t) has derivatives up to order "A". When this differentiation procedure
can be repeatedj times we say that a(x l , · •• X m ' t) has derivatives up to order "Aj".
The expressions "up to order A" and "up to order A I" are equivalent.

Assume that a(x l , ••• , X m ' t) and f have derivatives in variables Xl"'" X m up to
order"Ar. We formally differentiate (46.1) for vector qJ(1) with the components

V(k) = V(k 1 ..... k",) = D k
l

l ... Dk",u D~i=Oki/ox~im, I - I'

where the combinations k = (k I' , km ) are taken from the sum (46.11) (necessarily
including the combination (0, ,0), corresponding to qJ = v(o.... ,O)). Then, we get
the system

oqJ(1)/ot +A (1)qJ(1) = f(1). (46.12)

This system is the first extended system with operator A(1) and vector f(1). In the
same way the vectors qJ(2) = {V(k+l)}, qJ(3) = {v(k+l+ q

) } , ••• are constructed, where the
indices 1, q, ... range over the same combinations as k. For qJ(2), qJ(3), ... we obtain the
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second, third, ... extended systems, respectively:

0lfJ(j)!ot+A(})lfJU)=r-: j=2, 3,....

It is easy to verify that presentations

" "AU) = '" A (j) and AU) = '" PA0)L.., a '[ L.., a a
a=1 a~1

(46.13)

correspond to the presentation (46.2). Therefore, it is possible to consider the
extended systems

(j)
°lfJ'[ +AU)m(j)=fU)

ot t 'I' r '[. (46.14)

along with (46.10).
Let us further agree to denote the Cauchy problems (46.1) and (46.10) and their

extensions by I, I'[, IU), IF) respectively. The problems I and I'[ are defined in the same
space <P and the problems IO) and nJ) in the corresponding Banach space <Pj •

If lfJ is the solution of the problem

0lfJ!ot +AlfJ = 0 in Op

lfJ =g for t =0

and the initial condition is lfJ(t1 ), then the transition operator from lfJ(t 1 ) to lfJ(t2) will
be denoted by S(t2, t1 ), i.e,

lfJ(t2)=S(t2,t1)'lfJ(t1 ) , 0':::;t1':::;t2':::;T.

System (46.1) is called correct, if

IIS(t2,t1)1IlJ>':::;M(T), 0.:::;t1':::;t2':::;T

and uniformly correct, if

IIS(t
2

, t 1 ) 1I lJ> ':::; eC
(t 2 - t 1)

with constant C only dependent on T. For problems I'[, IU) and I~J) the notions,
transition operator, correct and uniformly correct, are defined in a similar way.
YANENKO and DEMIDOV [1966] and YANENKO [1964b] formulated the following
results. In Statements 46.1 and 46.2 f =0 is assumed.

STATEMENT 46.1. If the problems I'[, IP) and I~2) are uniformly correct, then lfJAt)
converges uniformly in t to lfJ(t)=S(t,O)gfor T-+O. The transition operator S(t2, t1 )

satisfies the conditions of uniform correctness for system (46.1).

STATEMENT 46.2. If the problems I'[ and IF"j= 1,2,3 are uniformly correct, thenfor
any gE<P1 function lfJ'[(t) converges uniformly in t to lfJ(t) for T-+O along with its
xk-derivativesup to order "A". The limitingfunction lfJ(t) has a derivative in t and is the
solution of problem (46.1).
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STATEMENT 46.3. If (a) g E 4>1' (b) Acx<p are uniformly continuous in t, (c) problems It:
and I~l) are uniformly correct,and (d) problems It: are correct on the right-handside(i.e.
their solutions are uniformly dependent on the right-hand sides), then (46.1) has
a unique solution and <Pt:(t) converges uniformly to <p(t) in t.

STATEMENT 46.4. Let 4> = Lq(fJ), q > 0, fJ = fJ(x1, . .. , xm ). If (a) problems It: and
I~1) are uniformly correct for f=O, and (b) problems It: are correct on the right-hand
side, then <Pt:(t) isfundamentally uniform in tfor r-+O,andany smooth limitingfunction
<p(t) is a solution of the problem I. If gO) = <p(l)lr=o ELifJ), then <p(t) is a smooth and
unique solution of problem I.

REMARK 46.1. Here, the function <p(t) is called a smooth function ifall its derivatives
belonging to Lq(fJx fJr ) which are present in equation (46.1) exist.

STATEMENT 46.5. Let Acx have the form

a=1, ... ,m, x=(x1,.. "xm ),

where the Acx(x, t) are symmetric matrices, continuous in fJ x fJr along with the first
derivatives in space variables. Then the problems I and It: are uniformly correct for
f=O. Thefunction <Pt:(t) converges uniformly in tfor r-+O to the solutionofproblem I.

The proofs of Statements 46.1-46.5 are given in the work by YANENKO and
DEMIDOV [1966]. Different aspects connected with grounding the transition from
(46.1) and (46.10) (and (46.5)-(46.6) in particular) can be found in the papers by
YANENKO [1987] and SAMARSKII (1970]. Note that SAMARSKII [1970] estimated the
convergence rate of <Pt: as well.

47. The splitting of problems defined on the whole interval

We now consider a splitting method for problem (46.1) that is often used in practice
for obtaining splitting schemes (SAMARSKII (1965b, 1970], BAKER and OLIPHANT
(1960], MARCHUK (1967]).

We replace problem (46.1) with the following system:

0<P1/ot+A1<P1 = f1(t), <P1(t)=V(tj ) ,

0<P2/ot+A2<P2 = f 2(t), <pitj) = <P1 (tj+ 1)'

(47.1)

o<p"/ot +A"<p" = f"(t), <p"(t) = <p" -1 (tj+ 1)'

tEBj=[tj , tj + 1]
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(47.2)
v(tj+.)=(J)n(tj+ 1 ), j=0,1, ... ,J-1,

v(O)=g.

We formulate the statements with regard to the proximity of problems (46.1) and
(47.1) (SAMARSKII [1970, 1971]).

If Aa(t') and Ap(t"), a.:I= p, a., P= 1, ... , n, for any t',t" E [0, T] commute, i.e.

Aa(t')· Ap(t") = Ap(t")· Aa(t'),

then for 1=0 the following equalities hold

(47.3)

If f #0, then we can choose fn with 11 = Iz = ... = fn-l =0 so that (47.3) holds.
If Aa and Ap commute and the exact solution of problem (46.1) satisfies the

restriction that

II AaAp(J) II ::::;: M = const < 00,

then under conditions (46.3) we have:

(47.4)

Problem (47.1) approximates (46.1) in the summarized sense, i.e,

n

I v, =O(r),
a=1

where

l/Ja= Ia(t)-Ait)(J)(t j+ d, a.> 1,

l/J 1 = fdt) - Al (t)(J)(t) - d(J)/dt

(see SAMARSKII [1970], p. 219).

48. The two-cycle splitting of the problem

Problem (46.1) can be split into a system of Cauchy problems that approximates
problem (46.1) with order O(r Z), using the two-cycle method, i.e. symmetrizing the
sequence of problems of type (47.1) (BAKER and OLIPHANT [1960], MARCHUK [1967,
1971], FRYAZINOV [1968]). Let us demonstrate several examples of systems of
Cauchy problems obtained by this method, each of these systems having second­
order accuracy (with the corresponding additional restrictions on the smoothness of
the initial data, of the solution and the appropriate choices of fa in (46.3».
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EXAMPLE 48.1 (FRYAZINOV [1968]). The system has the form:

O{f)I/ot+!AI{f)1 =/1' (f)1(t)=V(t),

0{f)2/ot+!A2{f)2 = f2' (f)2(t) = (f)1(tj+ I)'

O{f)n/ot +!An{f)n = fn' {f)n(t)={f)n-I (t j + I)'

o{f)n+l/ot+!An{f)n+1 =fn+I' (f)n+l(t)={f)n(tj+ I),
(48.1)

where

2n
f= L i.

(l=1

It is assumed that

v(tj+ d ={f)2n(tj+ d·

EXAMPLE 48.2 (BAKER and OLIPHANT [1960]). The system has the form:

O{f)I/ot+!AI{f)1 = fl' (f)1(tj)= v(t),

O{f)n-l/ot+!An-l{f)n-1 =fn-I' (f)n-l(t)={f)n-2(tj+I)'

O{f)n/ot + An{f)n = fn' (f)n(tj)= {f)n- I(tj+ I)'

O{f)n+ dot +!An- I{f)n+ I = fn+ I' {f)n+ I(t)= (f)n(t j+ I)'
(48.2)

for

0{f)2n/ot+!A I{f)2n=12n'

tEOj

(f) 2n(tj) = (f) 2n - I(tj +I)'

v(t j +I) = (f) 2n (tj + I)'

EXAMPLE 48.3 (MARCHUK [1980], p. 276). The system
following forms. On the interval tj _ 1~t~tj:

O{f)(l/ot +A(l{f)(l =0, cx= 1,2, ... , n -1,

O{f)n/ot + An{f)n = f + !rAnf;

is assumed to have the

(48.3)
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and on the interval t j ~ t~ t j + 1 :

oqJn + I lot +AnqJn + I =! - trAni,

oqJn+lX/ot+An-lX+lqJn+lX=O, 0:=2,3" .. ,n,

under conditions,

(48.4)

(48.5)

qJ I (t j - I ) = v(t j - 1 ),

qJlX+ dtj-I)= qJlX(t), 0: = 1, 2, , , .cn,

qJp+ dtj) = qJp(tj+ d, P= n, ... , 2n-1.

The approximation of problem (46.1) using (48.3)-(48.5)is considered on the double
interval (t j _ l , t j + 1) under the assumption that

EXAMPLE 48.4 (MARCHUK [1980], p. 276). The system is assumed to have the
following forms, On the interval t l : 1~ t~ tj:

oqJnlot +AnqJn = 0,

qJdt j- d= V(t j_ 1 ),

qJlX(tj-I)=qJlX-dt), 0:=2, 3, . .. ,n~

and on the interval tj~ t ~ t j+ I:

oqJn+2Iot+AnqJn+2 =0,

(48.6)

(48.7)

(48.8)
OqJ2n+ t!ot+ Al qJ2n+ 1 =0,

qJlX( tj) = qJ lX - 1(tj+ d, 0: = n+2, ... , 2n+ 1.

Problem (48.6)-(48.8) approximates (46.1) on (tj _ l , t j + d and under the assumption
that

All the systems in this section have second-order accuracy and AlXand A p, 0: =1= P, do
not have to be commutative. Theoretical aspects concerning these systems are
considered in the above-cited literature.
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(49.1)

49. Some results on convergence and stability

We assume that appropriate finite difference approximations in all variables
(including t) are applied to the systems of Cauchy problems considered in Sections
46-48 and that the possible splitting of the difference approximations of the
operators AlX into A lXPis carried out. Many of the thus obtained splitting schemes can
be written in a canonical form:

j+lX/m j+(lX-1)/m m
B qJ - qJ + L AlXpqJj+p/m = f j+lX/m,

T p===o

ct=I, ... ,m, j=O,l, ... ,J,

qJ0=g,

where all grid functions are assumed to belong to a Hilbert space <P =H h» and A lXp
and B are linear operators from H; in Hh • The approximation error of (49.1) is
defined as the sum of the approximation errors for different equations:

(49.2)

t/Ja being represented in the form t/Ja = t/J~ + t/J: so that r.;= 1t/J~=0 (see SAMARSKII
[1970]). We assume further that (49.1) is solvable and that the inverse operator B- 1

exists.
Let us formulate the statements establishing the connection between stability,

approximation and convergence of the schemes oftype (49.1) using norms 11·11(1) and
11·11(2) in the space u;

Let the scheme (49.1) be stable, i.e. the following a priori estimate holds:

m

IlqJj+111(1)~M1I1gll(1)+M2 max L II r>: 11(2)'
O~j'~jlX=l

(49.3)

where the constants M1 and M 2do not depend on T, the grid parameter h in other
variables, 9 and f j+ lX/m, and the "smoothness" condition for the solution qJ(t) holds:

n-1

L
a:=1

(49.4)

where Mo=const>O does not depend on T and h. Then (49.1) converges and the
following estimate is valid:

"+1IlqJJ -qJ(t j+ 1)11 (1 )

<;M2o~~J111l/t:(tj')1I(2)

+TI p~, A,pet B-'l/tr(tj')) J
(see SAMARSKII [1970]).

(49.5)
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Let US now suppose that Aao=0, B = B* > 0 is the constant operator and

m

L (Aap~p, ~a)~O
a,p = 1

for any ~a E Hh , 11 = 1,... m. Then the following estimate holds for the solution of
problem (49.1):

lI(j)j+lIIB~ IIgIIB+Mz max [ I tr::
0,,")'<;;:) a=1 B- 1

(49.6)

where

(SAMARSKII [1970]).
Scheme (49.1) converges in the norm II· liB' if (j)(0)= (j)0 and the conditions of the

above statement hold as well as the summarized approximation conditions

m

max I 1jJ)+a/m -+0 for Ihl-+O, r-+O,
O~)~J a= I B- 1

m

max I 111jJ)+a/mII B- 1~Mo=const > 0,
O,,"),,"J a= I

where M°does not depend on the grid parameters hand r (SAMARSKII [1970]).
If (j)(0) = (j)0,

m

I t/la =O(lhll+rk),
Q'=l B- 1

where k > 0, I> 0, and the conditions of the above statement hold, then scheme
(49.1) converges in the metric II· liB with rate O(lhl'+rkq, where kl =min(kl' i). If,
besides, the restriction (49.4) holds for 11-II(z)= II·IIB-i, then the scheme converges
with rate O(lhl l+ r k2), where kz=min(k, 1) (SAMARSKII [1970], p. 215).

In conclusion, we mention the works dealing with the problems connected with
the splitting of the initial problem into a system of simpler problems. General
principles of such splitting are given by YANENKO and DEMIDOV [1966], MARCHUK
([1971]; [1980], p. 275), SAMARSKlI ([1971], p. 4(0). Theoretical grounding of such
a splitting may be found in works by YANENKO and DEMIDOV [1966], SAMARSKII
([1970]; [1971], p. 403), YANENKO ([1967], p. 170).

The work by MARCHUK ([1980], Chapter V) is dedicated to two-cycle (sym­
metrized ) splitting schemes; theoretical grounding and some modifications are
given by SAMARSKII [1971] on the basis of symmetrized splitting. FRYAZINOV [1968,
1969] constructed the schemes for the equations of parabolic type in domains
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consisting of p-dimensional parallelepipeds. Somehow a different symmetrization
method for the difference schemes is used by GODUNOV and ZABRODIN [1962] for the
acoustics equations. A large bibliography on all these problems is available in works
by MARCHUK [1980] and SAMARSKII [1970, 1971].





CHAPTER XIII

Convergence Studies and
Optimization of Iterative
Methods

50. Sufficient conditions for convergence

In this chapter we will consider some variants ofthe alternating direction method for
solving a system of linear algebraic equations

Au-f (50.1)

with a nonsingular (N x N) matrix A and vector fE IRN
• Let us take the following

formula as the general form of a stationary method

Be(Uk+ 1 _uk)= -CtT(Auk-f),

k=O, 1, ... ,

where Ct and T are some positive parameters and

m

Be = Il (l +TBi )
i= 1

(50.2)

(50.3)

is a nonsingular matrix. Here m is a fixed positive integer, and Bj , i = 1,... , m, is an
arbitrary (N x N) matrix. Here and in the sequel the unit matrix is denoted by E.
Further, we will consider nonstationary, iterative methods for which the parameters
used depend on the step number, k.

Method (50.2) is called convegent when, for any initial approximation UO EIRN
,

the sequence of vectors u1
, u2

, ••• converges to the solution u* = A -1f of system
(50.1)

Let value m and matrices B 1 , •• • , Bm be given. Then the following statement is
valid: If the real parts of the eigenvalues of the matrix A are positive, then, for any
Ct> 0, there exists such a f> 0 that method (50.2) converges for any positive T E (0, f).

The inverse result is also valid. If value Ct > 0 is given, then a necessary condition
for the method to converge for any sufficiently small T> 0 is that the real parts of the
eigenvalues of the matrix A must be positive.

The uniform convergence for T-+O of the eigenvalues of the matrix He to the unit
matrix is used to prove the above statements. These proofs are given in the book by
MARCHUK and KUZNETSOV [1972].

339
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We will consider further only two cases. Let us call the first case commutative. It
supposes the existence of a nonsingular matrix Q, which, by a similarity trans­
formation, simultaneously reduces the matrices A,B l' ... , Bm to a diagonal form, i.e.

Q-l AQ=diag{A 1 , ... , AN}'

Q-l BjQ=diag{A.~),.,.,AW}, i= 1,... , m.
(50.4)

Obviously, matrices A, B1 , • • • ,Bm , as well as matrix Bt , can commute. In the
commutative case we will further assume that the eigenvalues Aj ofthe matrix A are
real and positive and that the eigenvalues A)i) of the matrices Bj , i = 1,... .m, are real
and nonnegative.

The second case, called noncommutative, supposes that m= 2, the matrix A is
determined to be positive in IRN

, A = B 1 +B2 , and matrices Bland B2 are at least
positive-semidefinite and, generally speaking, noncommutative, For the sake of
simplicity we will use the following notations B1 = A 1 and B2 = A 2 in the
noncommutative case.

Let us, first, determine sufficient conditions for the convergence of the commuta­
tive alternating direction method. To this end, we introduce the function

(1) (m) _ IXTAg(J)A,A , ... , A )-l--m----

n(1 +TA(i»)
i= 1

Then the spectral radius P(T(J,lJ of the step matrix

T(J,r =1 -ruB; 1 A

of method (50.2) can be computed by the formula:

p(T(J)= max Ig(J)Aj,A~l), ... Aj)l.
l~j~N

(50.5)

(50.6)

(50.7)

Since the requirement that the inequality p(T(J) < 1 holds is a necessary and
sufficient condition for convergence of method (50.2), we have to determine the
conditions for which - 1< g(J,t(Aj, A~l), ... ,A~m»)< 1 for all j.

Let matrix B = ~i= 1 B j be nonsingular. Then there exists Ii> 0 such that p(T(J,t) < 1
for any IX E(0,Ii) and T> 0, i.e, the commutative alternating direction method (50.2)
for all such values of parameters IX and T converges,

Ifwe assume additionally that A = B, then the commutative alternating direction
method (50.2) converges for any IXE(0,2) and T>O.

To prove this statement it is sufficient to note that by assuming A = ~i= 1 Bj , we
have Aj = ~r= 1Ay). Therefore,

O TAj l' 1 N< m < , ]= , ... ,

n(l + TA~i»)
i~ 1

for any T>O.
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We consider one important example. Let m (nj x ni ) matrices S, of a simple
structure be given, i.e. nonsingular (ni x ni) matrices Qi exist such that

QTS Q -d' {(i) (i)}iii - lag III , ... ,l1n; ,

(50.8)
i = 1, ... .m,

. n nwhere the eigenvalues Ill, ... , I1nl
; are nonnegative for i = 1,... , m. Define the

(N x N) matrices (N =n1 ···nm )

Bi = Ei ® .. ·®E j - 1 ®Sj®Ei + 1 ® .. ·®Em ,

where E, denotes the unit (ns x ns ) matrix for s= 1,... , m, and ® denotes the tensor
product of matrices. Assume also that

m

A= L Bi •
j= 1

(50.9)

Such matrices occur when elliptic boundary problems with separating variables in
rectangular domains are approximated by the grid method.

Obviously, with the additional assumption that det A =FO, i.e.

all requirements for the commutative alternating direction method hold. Then, from
the above considerations, method (50.2) for solving system (50.1}-with matrix
A from (50.9) and matrices B 1 , ••• , Bm from (50.8)-converges for any 0: E (0,2) and
for r>O.

For a more detailed description of the commutative alternating direction method
see Section 51.

Now we consider the noncommutative alternating direction method. Taking the
above assumptions into account, we will write the method in a different, more
convenient form:

(50.10)

For 0:= 1 we obtain the well-known DOUGLAS-RACHFORD [1956] method and for
0:=2 the PEACEMAN-RACHFORD [1955] method:

(E+rA 1)(E+rA2)(uk+l_ Uk)= -2r(Auk- f ),

k=O, 1,... (50.11)

We will consider the latter in more detail. Our results will be based on papers by
BIRKHOF and VARGA [1959], WACHPRESS and HABETLER [1960], KELLOGG [1963],
SAMARSKII [1964a] and others.

We introduce the matrix Dr = (E + rA2 )T(E + rA2 ), error vectors Zk=Uk_U* of
(50.11), and vectors Yk = (E+ rA 1) -1 (E - rA 2 )Zk. Then, after simple transformations,
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(50.12)

we immediately obtain the equalities:

(E +rAz)zk+ 1

= [(E -rAd(E +rAI)-I(E-rAz)(E +tAZ)-I]
. (E + rAz)zk,

II zk+1 II = II (E - rAI)I'II. II(E- rAz)zk II "II Zk II
I D-r II (E+rAI)yk II II (E+rAz)zk II D-r

and the inequality:

II Zk+ I liD, ~ II TI.,II"II Tz.,II"lIzk liD.' (50.13)

Here II v II = (VJ V)1/2 is the usual Euclidean norm of the vector vE IRN and II T II is the
corresponding norm of the matrix T,

II V liD. =(D,», V)l /Z = II (E + rAz)v II,

Tj,,=(E-rAi)(E+rAj)-I, i=1,2.

It is obvious that

II I: liD" ~ II T1,T II -II Tz,rll.

where

(50.14)

1; =E-2rB; I A

=(E +rAz)-I(E +rAI)-I(E - rAI)(E - rAz)'

It follows from BIRKHOF and VARGA [1939] that, if at least one of the matrices
A l' A z is positive-definite then the alternating direction method (50.11) converges
for any r>O.

Assuming in addition that matrices A I and Az are symmetric (naturally, the
conditions of positive-semidefiniteness of matrices Al and A z and nonsingularity of
the matrix A = Al +A z remain) this statement can be reinforced, i.e. the alternating
direction method (50.11) converges for any r>O. To prove this latter statement it
is-according to MARCHUK and Kuzxsrsov [1972]-sufficient to show that for any
nonzero zE IRN the following inequality holds:

(50.15)

Hence the inequality II T, IID-r < 1 holds, since IRN is finite-dimensional and T, is
a linear operator, which means that (50.11)converges. Let us use (50.12)to determine
inequality (50.15).

I t is easily seen that with the above assumptions the inequality II Zk + 1 II D" ~ II Zk II D.

follows from (50.12) and equality holds only when All =0 and Azzk=0. But the
latter is possible only, if ZX E Ker A 1 nKer A z = Ker A, which contradicts the
nonsingularity of matrix A and the condition Zk =1= O. Thus, inequality (50.15) has
been proved.

We consider one interesting variant of the noncommutative alternating direction
method. Namely, we assume that matrix A is symmetric (we have assumed earlier
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(50.16)

that A is positive-definite) and Al = Ai. This means that matrices A 1 and A 2 are
positive-definite since the equalities

(Ajz,z)=!(Az,z), i= 1,2, zEIR\

take place in real space. We willcall this variant of the alternating direction method
(50.11) symmetric. Since matrices A 1 and A2 are positive-definite, the method's
convergence for any r> 0 follows from the above considerations.

The important properties of the symmetric alternating direction method are
symmetry and positive-definiteness of the matrix

B, =(E +rA1)(E +rAI)

=(E +rA1)(E +rA2 ),

this means that the step matrix T, can be symmetrized in the inner product generated
by the matrix A. Indeed,

tT,»,W)A = (v,W)A - 2r(B; 1 Av, W)A

= (v,W)A - 2r(B; 1 Av, Aw)

=(v, W)A - 2r(v, B; 1 AW)A

=(v, TrW)A

for any v,WE IRN
• Moreover, it follows therefore that matrix B; 1 A is not only

A-self-adjoint but also A-positive-definite. Thus, for any r > 0 all eigenvalues of the
matrix T; are real and belong to the interval (- 1, 1), and the system of its
eigenvectors constitutes the A-orthonormal basis of IRN

•

Let us briefly discuss the influence of the parameter a on the convergence of the
noncommutative alternating direction method. To -this end, we consider the
right-hand side of the equality

II zk+ 1 lifi. = Ilzk Ilfi" - 2ar(B; 1 Azk, AZk)D"

+a2r2
11Br-

1 Azk
II~"

as a square polynomial in a. First, we note that, due to the nonsingularity of the
matrix B; 1 A, we have for any nonzero Zk E IRN

,

II B; 1 Azk liD. #0.

Further for a = 0 we have

II zk+ 1 liD" = II Zk liD",

and for a= 2, according to (50.13), we have the inequality

II e: 1 liD" ~ II Zk liD".

It thus follows that for any r > 0

dd
a

II zk+ 1 Ilfi"lo:=o = -2r(B; 1 Az\ Azk)p" <0
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and, hence, for any aE (0,2) the following inequality analogous to inequality (50.15)
holds:

II zk+ 1 IID~ < II Zk IID~'

Therefore, we conclude that

for any r> 0 and rx E (0,2).
Hence, under the above assumptions the noncommutative alternating direction

method converges for any r> 0 and ex E (0,2).
From this statement it follows in particular that the Douglas-Rachford method,

i.e. (50.10) with parameter a= 1,converges for all positive-semidefinite matrices Al
and A 2 •

51. The choice of parameters in the commutative alternating direction method

By optimization of the iterative method we often mean a way of increasing its
convergence rate either by a special choice of parameters or with the help of
acceleration procedures. For the stationary commutative alternating direction
method considered above, the complete optimization presupposes minimizing the
spectral radius of the step matrix Ta,r' i.e. the solution of the problem

min p(I:,.),
a, t

(51.1)

This is, however, not an optimal approach since wecan only in exceptional cases find
p(Ta t) explicitly as a function of variables rx and r. That is why in practice, a set
GciRm+ 1 such that all (rn+l)-dimensional vectors Xj=(Ai'IW), ... A~m»EG,
j = 1,... , N, the components of which are the eigenvalues of the diagonal matrices A,
B h ••• , Bm of (50.4), is actually introduced, as well as a function tPa,t(A) such that for
any AE G the following inequality holds:

Ig(J)A)I~ 4>(J,t(A).

If the function

P(rx, r) = max 4>0:,r(A)
leG

(51.2)

(51.3)

approximates p(T(J,r) sufficiently well for values (rx, r] of a set He 1R2
, in which the

best values for the parameters are found, then instead of(51.1) we may consider the
approximate optimization problem for the iterative method, i,e, solving the
extremum problem

min P(rx, r),
{(J, rIcH

(51.4)

Of course, the required function P can be constructed in several stages subsequently



SECTION 51 Optimization of iterative methods 345

coming to new majorants cPIX,T' by expanding the set G and narrowing the set H, i.e,
by imposing additional restrictions on the values of parameters. The analogous
transition procedure from extremum problem (51.1) to approximating problem
(51.4) can be used in other cases as well, in particular, for multiparametric
alternating direction methods.

In considering concrete ways of choosing parameters in the commutative
alternating direction method, we assume additionally that m = a = 2 and A =
A 1 +A2 , where A 1 = B 1 and A2 = B2 • Then

the set G c 1R2
, and the set H consists of positive values of r. Choose

G = [b l' A1 ] X [b2' A2 ] , (51.5)

where

b. = min A)(i)l ,

i';;,j-':;'N

take

A. = max Aj(i)
l ,

1-.:;,j-.:;,N
i= I 2', ,

P(r.x, r] =P(r) = max Igr(A) I;
)..=G

and assume, in addition, that

b1 =b2 =b>O,

Then

[
I-rA J2

P(T) = max ,
~O-':;'A I +rA

and the value ropt ' minimizing the function P(r), is computed according to the
formula,

_(~A)-1/2r opt - ULJ •

Hence, we arrive at the estimate,

T [fl-flJ2p( ropJ~ fl+fl .

(51.6)

(51.7)

However, if b1#b2 or A1#A 2 , but b1b2#0, then with the choice of G=
[b, A] x [b, A], where b = min{b1, b2 } and A = max{A 1, A2 } , we again obtain (51.6)
and the estimate (51.7). But if, for example, b2 =0 then, choosing

P(T) = max
~l-':;'),,-':;'AI

I-rA

I +rA '
(51.8)
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(51.9)
k= 0,1, ... ,

We now consider the simplest multiparametric alternating direction method,

(E +LkAd(E +LkA2)(Uk+ 1 _uk)= -2Lk(Auk -f),

where the parameters Lk have period p> 1, i.e. Lk =Lk+ p for all k ~ O. Ifwe introduce
the matrix D= QTQ, where the matrix Q is defined by (50.4), then we get the
inequality

k-1 1-L A<.l) 1-LA(2)
IlzkllD= m~x Il 1+ 1A(1)·1+ i A:2) IlzollD'

1~J';'N 1=0 Li j Lj j

Hence, for all k = tp, t a positive integer, we have

k [ p 1- LoA J2t °
liz liD ~ /j~::LJ III+L> liz liD'

where

£5= min Ay) and L1 = max A~j)
l~j';'N l~j:>;N

i= 1.2 i= 1,2

(51.10)

(£5 is assumed to be positive).
We introduce the function

(51.11)

where £5 = mo < m 1 < .. "< mp = L1 are some positive integers.
Obviously,

II Zk liD ~[p(L)]2t II ZO liD'

with P(L) < 1 for all positive LO' L1" •• , Lp - 1 ' Therefore the approximate optimiza­
tion problem for method (51.9) can be formulated as the problem of minimizing the
function P(L) on the set He IRP , which consists of vectors with positive components.

Since

min P(L) = max [min max
reH 0~j.;,p-1 ri mi~il~mj+ I

(51.12)

it is sufficient to solve the minimax problems,

I-LoA
min max I, i = 0, 1, ... , p - 1,
ti > ° mj ~il~mi+ I 1+ Li A
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in order to solve the problem of minimizing the function P(T) for T. According to the
above, the solutions of the minimax problems can be found by choosing

- -( )-1/2 '-0 1 -1T j - Ti,opt - mjmi+ 1 ,l-" . . . ,p , (51.13)

Now we have to choose values m1 , . , ., mp - 1 , so that the right-hand side of(51.12) is
minimal. Obviously, it is enough to take

m, = fJ(AlfJ)i/P , i= 0, 1,... , p.

Hence, for T =Topt = (To,Oph ••• , Tp-1.0pt)T we obtain the estimate

(51.14)

where h=(fJIA)1/2,
So, the average term for decreasing the D-norm of the error vector of the

optimized cyclic parameter with period p for the alternating direction method is
equal to

=[1_h1/P]2/P
q 1+h1/P . (51.15)

Assume that h« 1 and find out for what value p (51.15) will be minimal. To find p,

taking h« 1 into account, we get the equation

d (h 1
/
P

)- -- =0'
dp p ,

its solution is the value

p= -lnh.

With this value p (51.14) takes the form:

liz' IID",[:+:rPIIZO liD' (51.16)

Thus, if under the assumption h« 1, the pro blem is to decrease the D-norm of the
initial error vector in lie times (e< 1), then with the values of parameters found the
method allows to do this in

k, '" In(llh)ln(l!e)

steps while the one-parameter method requires

k, '" h- 1In(l!e)

(51.17)

(51.18)

steps.
The above method is one of the simplest for the approximate solution of the

optimization problem for the multiparametric alternating direction method. It was
used first by PEACEMAN and RACHFORD [1955], DOUGLAS and RACHFORD [1956]
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and DvAKONOV [1961, 1962b]. Further studies on the choice of optimum parameters
can be found in the works by WACHPRESS [1962], TODD [1967], LEBEDEV [1977] and
others. These results have been thoroughly considered by SAMARSKII and NIKOLAEV
[1978].

52. The choice of parameters in the noncommutative alternating direction method

Consider, first, the case when matrices A I and A2are symmetric and one of them, for
example, the matrix Al is positive-definite. Then, according to (50.14), the estimate

1
1- r A

p(Tt)~IITI,tll= max 1 A' (52.1)
,h:;;;A,;;:.11 I +r

occurs, where t>1 and A I are minimal and maximal eigenvalues of the matrix Ai
respectively. Now, if we take

{
l-rt> l-rA}

P(r) = II TI,t II = max 1+rt>' 1+rA '

(52,3)

then with the choice

ropt=(t>IAd-I/2 (52.2)

we come to the solution ofthe approximate optimization problem ofthe alternating
direction method (50.11), As a result we get the estimate

~-A
p(TtopJ~~+A'

(52.4)II Ti,t II = max
lSi :::;:A~.1i

Assume in addition that matrix A2is also positive-definite and that t>2 and .,12 are
its minimal and maximal eigenvalues respectively, Then we obtain the estimates

l-rA l-rA
~ max A' i= 1, 2,

l+rA lS,;;:A:::;:.1 l+r

where

t> = min {t> I , t> 2 }, A =max{A I, A2 } .

Now, if we take

then, according to (50.14) and (52.4), we have

p(Tt ) ~ P(r) < 1

(52.5)

for any r » O. In this case we get the solution of the approximate optimization
problem for (50.11) by the choice

_(s.:,,)-1/2'fopt - ua .
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(52.6)

As a result we get the estimate

p(T,.,,) .;; II T, II D• .;;[~ : ~J.
We now consider a non-self-adjoint case. To construct the majorant P(r) let us use
SAMARSKU'S [1964a] method. Since

(52.7)

it will be sufficient to derive the majorant, for example, for II T1,rII, assuming that A 1

is positive-definite. We introduce the values

s: • f (A 1 z,z)
U1 = In ,

zelJ\lN (z,z)
(52.8)

(52.9)

Obviously, both values exist and are positive, with b1 being the minimal eigenvalue
of the matrix S=t(A 1 + AD. It is easy to see that

liT 11
2 _ IlzI12-2r(A1z,z)+r21IA1zI12

1 r - sup 2 2 2
, zelJ\lN II z II + 2r(A 1 z, z)+r II A 1 z II

II z 11 2 -(2r - r 2 A1 )(A 1 z, z)
= sup 2 2 .

zelJ\lN [z ] +(2r+r Ad(A1z,z)

Hence, using inequality (A,z,z)~A111z112,we obtain IIT1,rI12~p2(r),where

. 2() 1-(2r-r2A
1).-1.P r = max 2'

~p:;).";AI 1+ (2r + r A1).-1.

The analysis of function 'P(r) shows that for r=(b1A1)-1/2 it reaches its minimal
value

P . =[~-A]1/2
mm ~+A

Thus, if matrix A 1 is positive-definite, then as the solution of the approximate
optimization problem we can choose the parameter ropt =(b1 A 1 ) -1/2 for which the
estimate

[~-A]1/2
II TraPtlID~ ~ vi+~

holds. Assuming that the matrix A 2 is also positive-semidefinite then for ropt =
(bA)-1/2 we obtain the estimate

T JA-fl
II rapt IID~ ~ r: ~'

yA+-ylu

where b = min(b 1, b2)and A = max(A 1,A2), and the values b2and A2are defined as in
(52.8) but for matrix A 2 .
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53_ The convergence acceleration procedures for the alternating direction method

We introduce a new matrix

Dr= AT[(l +1:A1) - 1](1 + rA1) - 1A. (53.1)

(53.3)

(53.2)

Then, by simple transformations analogous to those of Section 50, we can show that

HI 2 Ilxk11 2-2r(Alx\xk)+r2I1AlxkI12
liz IID~= Ilxk11 2+2r(Alx\xk)+r21IAlxk 11 2

.11/11 2- 2r(A 2/, /)+r211 A2/11 2_II Zk 11 2
11/112+2r(A2/,/)+r211 A2/112 D~,

where

xk=(E +rAd-1(E-rA2)yK,

/ =(E +rA2)-I(E +rA 1 ) - 1 Azk ,

and, therefore, for arbitrary positive-semidefinite matrices A 1 and A 2 we have

II Zk+ 1 IID~ ~ II T1 , r II-II T2, r 11°11 zk liD" ~ II Zk liD,,'

From this and from equality

II Zk + 1 II b~ = II Zk II b~ - 2r(Br~ 1 Azk, Zk)D~

+r211 B; 1 Azk
Ilb~,

it follows that matrix Br-
1 A is Dr-positive-definite.

In view of this fact we can solve system (50.1) not by (50.10) or (50.11) but by the
following iterative method

(E +rAd(E+rA2)(u
H

1 _uk)= - f3k(Auk-f),

for which parameter 13k is chosen according to the formula

13
(Br-l Azk, Zk)D< (AB; 1 e, ~k)D1:

k - II Br-1 Azk Ilb
r

- II ABr-
1 ~k 11~1: '

where Ck= AUk - f is the residual vector, and

Dr = [(E +rA2)- 1]T(E + rA 1)-I.

The parameter 13k is chosen in correspondence to the descent method from the
maximum minimization condition of the Dr-norm of the error vector ~+ 1. As is
known (see, for instance, MARCHUK and KUZNETSOV [1972]), this method converges
with

(53,4)

where the L(T) are Lipschitz constants of step operator T of method (53.2}"-(53.3).
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Note that the similar procedure for the inner product generated by matrix Dr: of
Section 50 will not be suitable here.

Among different versions of the alternating direction method the case Al = A1
considered in Section 50 stands out as rather efficient. The transition matrix (50.16)
of method (50.10) is A~se1f~adjoint, which is the reason for using acceleration
procedures based on the Chebyshev methods and the generalized conjugate
gradient method.

Let it be known that eigenvalues of matrix Br:- 1A of the symmetric aternating
direction method belong to the interval [a,b) with O<a<b. For example, if we use
the results from the previous section, then it follows, from the estimate (52.9), that the
interval boundaries can be computed according to the formulae

Under this assumption we can use the following Chebyshev semi-iterative method
(see VARGA [1962]) with the pre-conditioning matrix B; 1 for the solution of system
(50.1):

Br:(u1-uO)= -(11(AuO-f),
Br:(uH

1 _uk)= - (1H 1 (Auk - f)+ PH IPr:(Uk _Uk-I),

k= 1, 2, ... ,

(53.5)

where

(53.6)
b+a

ry=­
b-a

k=O,

i--».{

O'
PH 1 = Ck - 1 (ry)

CH 1 (11)'

and Ck(t) is the Chebyshev polynomial of the kth order of the first kind in t.
According to MARCHUK and KUZNETSOV [1972] and GOLUB, CONCUS and

O'LEARY (1976] we can also use two-term and three-term generalized conjugate
gradient methods with the pre-conditioning matrix Br:- 1 for the solution of system
(50.1). The two-term formulae of the method have the form:

k= 1,

k> 1,

(53.7)

(B - 1 ~k - 1 ~k - 1 )

(1k = -II ~k-l Iln:1/11 eIln:1 = r:(B;lC< Ck) ,

II ~k - 1 II i-I
Pk= Ilgkll~~' k=I,2, ... ;
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and three-term formulae (see REID [1971]) have the form:

1
Uk+ 1 = Uk _ -[B; 1 Ck - e

k
-

1
(Uk _Uk- 1)],

qk

(53.8)

(54.1)

(54.2)

(54.3)

(54.4)

Here ~k = AUk - f are residual vectors.

54. Generalizations

The best known generalization of the original alternating direction method is the
following one:

(R +rA1)R -1(R + rA 2)(u
k + 1 - uk)= - ca(Auk -f),

k= 0, 1, 2" .. ,

where R is, generally speaking, an arbitrary symmetric and positive-definite matrix
(see WACHPRESS and HABETLER (1960]). It is easy to see that this method is
completely equivalent to the alternating direction method

(l +rAd(l +rA2)(u
k + 1 _uk )= -ar(Auk -1),

k=O, 1,.. "

where

A -R- 1 / 2A R</2 A2=R-1/2A2R-l/2,1 - 1 ,

A- A- +A- u-=R 1/ 2U, 1=R- 1/2j,= 1 2'

Hence, all the abovementioned facts for methods (50.10) and (50.11) refer to method
(54.1) as well.Of course, the role of matrix R should be considered, i.e.in deriving the
formulae for optimal parameters matrices Al and A2 of(54.3) should be used instead
of Al and A2 of (54.1).

We consider the case Al = Ai. To this end, we rewrite, first (54.1) with a= 2 in
the following equivalent form:

(R +rA1)uk+ 1/2 =(R -rA2)u
k +J,

(R+rA 2)uk+
1 =(R-rA1)uk+l/2 +f,

and t hen, using

.- i« AL=2 - l' (54.5)
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we rewrite (54.4) in the form

(~R - L)<uk+112-u')= - (Au' -1),

(~R-LT )<Uk+l_ Uk+ 112)= -(Auk+ 112 -fl.

If the above assumptions hold, and

A=K-L-LT
,

(54.6)

(54.7)

TE(O, + (0), an WE(O, 2), then it is easy to see that (54.6) is a generalization of the
symmetric upper relaxation method corresponding to splitting (54.7) of matrix A.
Hence, the theory developed by LUNN [1964] (see also YOUNG (1971]) can also be
used for optimizing method (54.6) by the choice of parameter co.





CHAPTER XIV

Splitting and Decomposition
Methods for Variational Problems

Many problems of economics, optimal control, hydrodynamics, etc. lead to
variational problems with restrictions (DUVANT and LIONS [1972], BENSOUSSAN,
LIONS and TEMAM [1975], GLOWINSKY, LIONS and TREMoLIER (1979]). To solve
these problems BENSOUSSAN et al [1975] developed methods, some of which (for
example, decomposition methods) are based on splitting methods. In this chapter
we will consider the general scheme of applying the splitting and decomposition
methods to variational problems. We will do this following BENSOUSSAN et al.
[1975] and without specifying the type of problems to be solved.

55. Splitting and decomposition methods for classical variational problems

Let the initial stationary problem, after approximation on all its variables, be
reduced to the equation

AqJ f, (55.1)

considered in finite-dimensional Hilbert space H with inner product (·'·)H and
norm 11·11 H= (., .)ij2. Matrix A is assumed to be symmetric, positive-definite and
representable in the form

n

A= L Ao:, n~1,
0:=1

(55.2)

where Ao: are symmetric, positive-definite matrices. It is known that solving equa­
tion (55.1) is equivalent to solving the following classical problem of variational
calculus

J(qJ)= inf J(v),
veH

where
n

J(v)=t(Av, V)H-(f, V)H= L Jo:(v),
0:=1

355
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(55.4)

and {fa} are chosen so that ~~= 1 fa = f. According to the method of stationing (see
Section 37) we can consider the evolutionary problem

ocpjot+Acp=f, tEQr=(O, T),

cp = g for t = 0, g E H,

and, in case of large values of T, we can approximate the solution of (55.1) by the
solution of problem (55.4) cp(T). The numerical solution of (55.4), in turn, can be
realized by the splitting method. To this end, we represent f as

n

f= L fa' h EH,
a=1

divide Q r in N intervals of length r 0, r 1, •.• , rN - 1 such that

r 0 +r 1 +... +r N - 1 = GN ;?:. T,

and use a splitting scheme of type

mi+a/n _ mi+(a-l)/n
_"1' "1' +A

a
cp1'+a/n =fa'

r j

O~j~N -1, 1~a~n,

(55.5)

(55.6)

CPo =g.

Each realization step of scheme (55.6) is equivalent to the minimization, in H, of the
following functional problem,

~ II v- cpj+(a -1)/n IliI +J (v)
2r a

O~j~N -1, 1~a~n,
(55.7)

CPo =g.

This algorithm constructed by using splitting scheme (55.6) is, in fact, the
decomposition method for solving the variational problem (55.3). This same method
reduces (55.3) to a sequence of problems minimizing the functionals (55.7). Note that
the convergence of the decomposition algorithm (55.7) follows directly from the
convergence theorems for scheme (55.6). These theorems have been considered in
foregoing chapters.

56. Decomposition of a general variational problem

Based on algorithm (55.7), we now formulate the decompositon method for the
following general variational problem in Hilbert space H:

J(cp) = infJ(v),
veH

(56.1)

where J: H~IR=1R 1 is a continuous function with a lower bound. We assume that
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J(V) can be represented as

Variational problems 357

(56.2)

where the JrJ.:H~~ are also continuous functions with a lower bound. We introduce
a sequence of parameters 1:i' j =0, 1, ... " N - 1 and define elements

j = 0, 1, ... , N - 1, Q: = 1, ... , n, (56.3)

(56.4)

where cpo = g is an arbitrary element in H. If cpi+(IX-l)/n is known, then cpi+rJ./n is
determined as a solution of a variational problem of type

inf {_I II v_cpi+(rJ.-l)/n Ill, +J(l(V)},
veH 21:i

This problem has at least one solution. We denote by cpi+rJ./n one of these solutions
and compute further cpi+(rJ.+l)/n,cpi+(a+2)/n, ....

It is obvious that the proposed algorithm for solving problem (56.1) is efficient
when it is easier to solve a sequence of problems (56.4) than to solve one of (56.1)
which depends on the explicit form of J and J rJ.' It is also easily seen that the given
algorithm is of great interest for problems of type (55.3), obtained by discretizing
elliptic boundary value problems, etc. Note that the splitting method theory does
not allow us to conclude that algorithm (56.4) converges (see Section 58).

57. A variational problem with restrictions

Let K be a closed convex set in H (the set of restrictions) and, as in Section 56, let
J: H~ IR be a continuous function satisfying the assumptions from Section 56.
Instead of (56.1) we consider the problem

infJ(v),
veK

that is, a variational problem with restrictions. We also assume that

(57.1)

(57.2)

where KrJ. c H are closed sets which correspond to perturbations of restrictions. The
following algorithm is, in fact, a generalization of algorithm (56.4)for problem (57.1):
Starting with some element cpo = g E K n, find cpi+rJ./n E KrJ. as a solution of problem

(57.3)

Algorithm (57.3) is a general form of the decomposition method for a variational
problem with restrictions.
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58. The convergence of decomposition algorithms

We now consider a decomposition algorithm in an infinite-dimensional space and
formulate the conditions for its convergence.

Let cP be a real reflective Banach space with norm II'II~ and let K be a convex
closed non-empty subset of cP. Let J be a real functional defined on K such that J is
strictly convex; J is lower semicontinuous on K (in a weak or strong topology cP). We
also assume that the set K is either limited orlim J(u)= + 00, when II u II~-+oo, u EK.
It is known that under these conditions the functional J has a lower bound on K and
there exists a unique element cp E K on which J(v) reaches its minimum:

J(cp):!:;J(v), VEK. (58.1)

Further, let another norm II ·11 H be defined on cP. Supplementing ep with this norm we
obtain a Hilbert space H. We assume that

where the cP cr: are reflective Banach spaces with norms II· \\~~ 1 and the inclusions
cPccPcr:cH are continuous (a=C . . . ,n). We introduce the following assumption

(58.2)

where K; IS a convex subset of cPcr:. We also assume that J(v) can be repre­
sented as

n

J(v)= I Jcr:(V)' VEK,
cr:=l

(58.3)

where Jcr:(v) is a real, convex lower semicontinuous functional defined on K; (in
topology cPcr:) and lim Jcr:(v) = + 00 when II v II~", -+oo,VE Kcr: (if K; is not limited in cPJ

We formulate the decomposition algorithm for solving (58.1). Let To, Tl,' .. be
a sequence of strictly positive numbers. If cpo is an arbitrary element of K n, then
d fi f: 'I fit i + cr:/n - 1 .- 0 1 hit i + «ln ; te ne a amI y 0 e emen s cp , a - , ... , n,J- , , ... , were e emen cp IS 0

be found (after cpO, ... , cpi+(cr:-l)/n as an element of K; satisfying the inequality

-21 Ilcpi+cr:/n _cpi+(cr:-l)jn 11f, +Jcr:(cpi+cr:/n)
Tj

(58.4)

for an element v E Kcr:. Problem (58.2) has a unique solution cpi+cr:/n E Kcr:. From cpo, • . . ,
cpj+cr:/n we form the elements

(58.5)
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where

If

then

lim roN + rJ./n = q>
N-OC)

Variational problems

a = 1,... , n, N = 0, 1,....

lim { max Ti} =0,
N-+OC) O~i~N

359

in a weak topology cPrJ. for 1~r:t~n where q> is the solution of problem (58.1).
In the work by BENSOUSSAN, LIONS and TEMAM ([1975], p. 2(0), one can find the

proof of this statement as well as a number of concrete realizations of the above
decomposition algorithms for solving variational problems of mathematical physics
along with corresponding splitting methods.





PART 3

Applications of Splitting
Methods to Problems of
Mathematical Physics

In this part, we will consider the realization of the general statements of the splitting
methods, from the previous chapters for some concrete problems of mathematical
physics. We will describe the means to approximate problems in space, angular and
other variables earlier accepted as achieved (see Part 1). All this is supposed to give
us a complete notion of the methods used for approximating solutions of problems
by splitting.

361





(59.1)

CHAPTER XV

The Heat Conduction Equation

We considered the major algorithms of the splitting and alternating direction
methods in Part 1 and used the parabolic equation for illustration (Sections 12, 17,
22, 25, 26, 29, 36). In this chapter, we will consider the schemes for a more general
form of the parabolic equation.

59. The two-cycle componentwise splitting scheme for a parabolic equation
with three spatial variables

We consider the two-cycle componentwise splitting scheme in application to
a diffusion model for propagation of pollutants in the atmosphere from pollution
sources (MARCHUK [1982]). We write the problem in the following form:

oqJ 3

at + l: A~qJ f in QxQp

~=1

where

(59.2)

A qJ = oWqJ _ ov oqJ ~ tqJ owUqJ.
3 OZ OZ oz OZ

The following notations are used in (59.1) and (59.2): x, y, z are components of the
Cartesian system of coordinates (the x-axis is directed to the east, the y-axis to the
north, and the z-axis is directed vertically upward); 0 = {O < x < a, 0< y < b,
0< z < H} is a domain with boundary 00 consisting ofthe cylinder's side surface oOs
with lower basis 000 (for z = 0) and upper basis OOH (for z = H); t E 0t = (0, T) denotes
time; qJ is the intensity of aerosol substance, migrating along with the flow of air in
the atmosphere; u, v, ware components of wind velocity along x-, y- and z-axes
respectively; J.l = const >0, v(z) > 0 are the horizontal and vertical turbulence
coefficients; u=const~O is the coefficient of the substance's absorption by the
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environment; [ix, y, z, t) is the function describing the sources of the polluting
substance qJ under consideration.

It is assumed that for the components of the air flow velocity the mass
conservation law represented by the continuity equation holds

au + av + aw = 0 in Qx Q
1ax ay az (59.3)

and, besides, the conditions

w=O for z=O, z=H (59.4)

hold. Values of the functions u, v and ware considered to be known in Q x Qt'

The initial condition

qJ = g for t =0 (59.5)

is added to equation (59.1) and the boundary conditions on aQ are:

({) = 0 on aQs'

aqJ/az = ex.qJ on aQo, (59.6)

aqJjaz=o on aQH'

where g is a given function and ex. ~ 0 is some function characterizing the interaction
ofthe pollutants and the Earth's surface. MARCHUK [1982J noted that more general
boundary conditions can be used instead of (59.6). The solution qJ and right-hand
side belong respectively to the Hilbert spaces cP and F of smooth enough functions.

A direct verification allowing for boundary conditions (59.6)shows that operators
AI' A2 and A 3 are positive-definite, i.e, AIl>O (ex. = 1, 2,3).

A uniform grid for x, y and z is introduced in Q with steps i\x, i\y and i\z
respectively. The operators All are approximated with second-order accuracy by
their difference analogues All having the form (see MARCHUK [1982J)

A _ Ui + 1/2,j,kqJi + l,j,k - Ui-l/2,j,kqJi-l,j,k

lqJ- 2~x

J.l
- i\x2(qJi + l,j,k - 2qJi,j,k + qJi-l ,j,k)'

A _ Vi,j+l/2,kqJi,j+l,k -Vi,j-l/2,kqJi,j-l,k

2qJ- 2~y

J.l
- A

y
2(qJi, j + l,k - 2qJi,j,k + qJi,j-l,k),

A _ Wi,j,k+l/2qJi,j,k+l -Wi,j,k-l/2,qJi,j,k-l +
3 qJ - 2Az UqJi,j,k

1
- i\z2 [Vk+ 1/2 (qJi,j,k + 1 - qJi,j,d - Vk- 1/2 (qJi,j,k - qJi,j,k - dJ,

(59.7)

i=1,2, ... ,1, j=1,2, ... ,J, k=1,2, .. o,K.

It is assumed that the difference analogues of u, v and w satisfy the difference
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analogue of the continuity equation,

u· 2' -u· 12'k V"+1/2k- V" 1/2k W"k+1/2- W"kf+ll ,).k 1-1 .), + I,) , f,r. + I,), f.), -1/2 =0 (59.8)
Ax Ay Az

with

(59.9)

Due to the approximation of boundary conditions (59.6) and by allowing for
(59.9), the expressions (59.7) are somewhat changed in the vicinity of boundary
points:

rn . • k =0-r i.],

cp . . k =0I,.),

for ;=0, i=1 + 1,

for j=O, j=J + 1, (59.10)

for k=K.

CPj,j, k - CPi,j.k- 1 = (Xfn • • k for k= 1,Az -r i.],

CPi,j,k + 1 - CPi,j.k = °
Az

It is easily shown that difference operators AI' A2 , A3 acting in the Hilbert space
(jJ= H h are positive-definite on the functions CPj,j,k that satisfy the boundary
conditions (59.10). We write the obtained system of ordinary differential equations
with respect to cP = { CPi.j,k} in the form,

(59.11)

cP=g for t=O.

To solve (59.11) let us use the two-cycle componentwise splitting method (1' is the
time step)

tp" + 1/6 _ cp" cp" + 1/6 + cp"
r +A 1 2 =0,

tp"+ 2/6 ~ cp" + 1/6 cp" + 2/6 + cp" + 1/6

r +A2 2 =0,

cp" +3/6 _ cp" + 2/6 cp" + 3/6 + cp" +2/6

r +A3 2 =0,

(59.12)

cp" + 516 _ cp" +4/6 cp" + 516 + ip" +4/6

r +A2 2 =0,

cp" + 1 _ tp"+ 516 cp" + 1 + cp" + 5/6

r +A 1 2 =0,

n=O, 1, 2, ....
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Scheme (59.12) has second-order accuracy in t and is absolutely stable. Each
splitting step is realized by the scalar sweep method (GODUNOV and RYABENKII

[1977], pp. 51~53).

60. Schemes of second-order accuracy for p-dimensional parabolic equations
without mixed derivatives

We consider the p-dimensional heat conduction equation with constant coefficients
written in nondimensional form:

(60.1)

where f [ix, t) is a known function of coordinates x = (x l' X2' ..• , xp) and time t.
Additionally, the initial condition

cp=g for t=O (60.2)

is set along with the boundary condition,

cp=O in aQ x Qr' . (60.3)

which does not restrict generality, and the function g(x) is considered to be known.
We assume that Q is a p-dimensional parallelepiped

{O~Xl ~ 1, ... , O~x(l ~ 1, ... , O~xp ~ I},

and we obtain the grid domain Qh={X:}~=b where x:={xi",=i(lh(l}
(i(l = 0, 1,... , I (l + 1), and the step h(l for variable X(l does not depend on the number ill
of the grid point. On smooth solutions, we approximate the operator A(l with
second-order accuracy by its discrete analogue A(l with the help of the relationship

A h 1 h h h ~(l~ - (l h
rr.CP = - h2 (CP j", + 1 -2CPi'" +CPi,,-l)= - h2 cP,

(l (l

(60.4)

(60.5)

The differential operators A(l and their difference analogues A(l on the functions
satisfying the condition (56.3) are positive-definite in the corresponding spaces
(jJ=H and (jJ=Hh • Thus, the initial problem has been reduced to a system of
ordinary differential equations (index h is everywhere omitted)

~~ +Acp =f in Qh x Q"

with initial condition (60.2).
To solve this problem, we use the scheme with the splitting (factorized) operator
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(DYAKONOV [1971dJ). This scheme has the form

n ~Om. ~
't'1t:( , (60.6)

where In + 1 is the second-order approximation in time of the right-hand sidef and
operator B has the form:

p

B= n (E+OTAIZ)
1Z=1

P

=E+OTA+(OT)2 L AIZAp+"'+(OT)pnAIZ~
l~IZ<P~p 1Z=1

(60.7)

with 0~ 0~ 1 arbitrary. In particular, for p = 2 we have

B =E + OTA +02 T2 A 1A2- (60.8)

In view of (60.7), equation (60.6) can be rewritten in an equivalent form
n+l n n+l n

cp ~ cp + A(Ocpn+ 1 + (1- O)cpn) +Q cp ~ cp t: 1, (60.9)
T P T

where
p

o, = I (OT)IZ L AIZ1AIZ2···AlZp •

1Z=2 1 ~IZI <lZl < ·.·<lZp~p

(60.10)

Thus, if the inequality

Q.(9'"+~-9'") ~M T
2

, M constanteI) (60.11)

holds, then scheme (60.6) approximates the initial problem (60.5) with the same
order of accuracy as the scheme

(60.12)

As is known (DYAKONOV [1971dJ), scheme (60.11) has a second-order approxima­
tion in t for 0=1 and a first-order approximation otherwise. For 0#1the following
inequality is sufficient

~MT.eI)

Scheme (60.6) is absolutely stable for 0=! and for the solution the following estimate
(DYAKONOV [1971dJ) is valid:

n

II cpn+ 1 lIe1) ~ II cpO IleI) +TI IIB-1fj +IIIF
j=O

n

~llgllel)+T L Ilfi +
1I1F·

j=O
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Taking into account the value of qJ in the boundary points and the form of operator
B, the scheme can be rewritten in the form

pn(E+ tOAIl)qJn+ 1 = tPn,

1l=1

(60.13)

where the right-hand side tPn is known. The realization of (60.13) consists in
consecutively solving the problems

(E + tOA l)qJn+Ijp = tPn,

(E + tOA 2)qJn + 2jp= qJn + I jP,

(60.14)

(E+ tOAp)qJn + 1 = qJn +(p-l)jp

by the sweep method.
The DOUGLAS-RACHFORD scheme [1956J is a special case of this scheme for 0= 1

and f=O.

61. Schemes for equations with mixed derivatives

We consider the first boundary value problem for a parabolic equation with mixed
derivatives in the parallelepiped

D= {O~Xl ~ ll" .. , O~XIl ~ la"." O~xp~lp}

in the following form (SAMARSKII [1971J, p. 372; YANENKO [1967J, p. 34):

aqJ p
at + Il'~ 1 kIlP(t)AllpqJ f(x, t, qJ),

AllpqJ = -a2qJ/ax
llaxp,

p p p

0<c1 L ~; ~ L kIlP(tgll~P ~C2 L ~;,
1l==1 Il,P=l 1l=1

(61.1)

qJ =g for t =0,

qJ = 0 in aD x Dr'

As in Section 60 we introduce a uniform grid for variables XII with the step
hll = lil/(Ill + 1): x: = illh ll, ill = 0,1, ... , III + 1. We approximate the differential
operators AIlP with second-order accuracy by their finite difference analogues A IlP'
The operator A IlIl is written in the traditional form (see (60.4))

(61.2)

and, according to YANENKO [1967J, A IlP for a#p can be written in the form

(61.3)
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To solve (61.1) we take the analogous scheme (60.6) with a factorized difference
operator B= n~= 1 Bet.:

q>n + 1 _ tp" p

B + L ket.p(tn+ 1/2)Aet.pq>n r:1,
r et.,P=l

q>0 =g, (61.4)

m'! =0't'1..

We choose operators Bet. in the form (SAMARSKII [1971J)

Bet. =E+rOc2Aet.et.' (61.5)

In <P = H h these operators are self-adjoint, positive (for 0> 0) and commutative
(because the domain is a parallelepiped). The factorized scheme (61.4) has at least
first-order accuracy in r and is stable for o~t. With Bet.' cx= 1, 2, ... , p, being
three-point difference operators with constant coefficients, the algorithm for
computing q>n+ 1 for a given q>n coincides with that of Section 60.

For the special case !=O, ket.p=const, p=2, YANENKO [1967J considered the
scheme based on the splitting method

(61.6)

This scheme has a first-order approximation in time and is absolutely stable.
For p = 3 the following scheme has been introduced by YANENKO [1959b, 1961J

generalizing (61.6):

n+ 1/6 n
q> - q> 1 k A n+ 1/6 k A n 0----+2 11 11q> + 12 12q> = ,

r

n+2/6 n+1/6
q> - q> + k A q>n+ 1/6 +.1k A q>n+ 2/6 -0r 21 21 2 22 22 - ,

n + 3/6 n+ 2/6
q> -q> +.1k A mn+ 3/6 +k A mn+ 2/6_0

2 33 33't' 13 13't' - ,
r

n+4/6 n+3/6
q> -q> +k A q>n+3/6 +.1k A q>n+4/6_0r 31 31 2 33 33 - ,

n+5/6 n+4/6
q> -q> +.1k A q>n+5/6+k A q>n+4/6_0

r 2 22 22 23 23 - ,

n + 1 n + 5/6
q> -q> k A n+5/6.1k A n+1 0
-----+ 32 Hq> +2 33 33q> =.

r

(61.7)

Scheme (61.7) approximates the original problem with first-order accuracy in rand
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is stable if the matrix with elements !kaa on the main diagonal and kafJ on the other
diagonals is positive-definite.

Schemes (61.6) and (61.7) are realized on each splitting step by the scalar sweep
method.

62. Alternating direction schemes

In the framework of problem (61.1) we demonstrate the alternating direction type
scheme proposed by SAMARSKII [1964a] for the case when k afJ = kfJa' For p = 3 we
have

n+ 1/6 n
cP - cP .lk A n + 1/6 f( n)
----+2 11 11CP = x,tn + 1/6 , CP ,

r

n+2/6 n+1/6

-cp- - -- cp- - .lk A n+2/6 k A n+l/6 f( n+1 /6)
+2 22 22CP + 21 21CP = x,tn +2/6 , CP ,

r

n+3/6 11+2/6
cP -cP +.lk A cpn+3/6+k A cpn+2/6+k A cp,,+2/6r 2 33 33 31 31 32 32

-f( n+2/6)- x,tn + 3/6 , CP ,

n+4/6 n+3/6
cP -cP .lk A n+3/6 f( n+3/6)------+2 33 33CP = x,tn +4 /6 , CP ,

r

n+516 n+4/6
cP -cP .lk A n+2/6 k A n+4/6 f( n+4/6)
------+2 22 22CP + 23 23CP :..:: x,tn+ S/6 ' CP ,

r

11+1 n+5/6
cP -cP +.lk A cpn+l/6 +k A cpn+5/6 +k A cpn+4/6r 2 11 11 12 12 13 13

f( t n+516)
= X, n + l' cP .

(62.1)

On smooth solutions this scheme has a second-order approximation in X a'

a first-order in r and it converges for any '!~O. However, there exists a restriction on
Ihl =(~:=lh;)1/2: Ihl ~ho, following from the restriction of matrix (kafJ) being
positive-definite. Constant ho depends on constants ')' and '}' 1 defined by the
relationship

p p

L kafJ~a~fJ ~'}' L ~;
a,fJ=1 a=1

in the case of a differential problem, and by the relationship
p p

L kafJAafJ~a~fJ ~}'1 L ~;
a,fJ=1 a=1

(62.2)

(62.3)

in the case of its difference analogue. Scheme (62.1) is realized by the sweep method
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on the first three steps and by computations with explicit formulae on the final three
stages.

For the case when

krzp"# kprz, lA:"# /3,
krzp = 0, /3 > lA:,

SAMARSKII [1964aJ proposed the following difference scheme:

n+2/3 n+1/3
cp -cp +k A n+2/3 k A n+1/3 f( n+1/3)

22 22CP + 21 21CP = x,tn+ 2/3 , CP ,
T

n+1 n+2/3

cP -cP + k A m n+ 1 +k A mn+ 1 /3 +k A mn+ 2 /3
T 33 33't' 31 31't' 32 32 't'

-f( n+ 2/3)- x,tn+ 1 , cP •

(62.4)

(62.5)

This scheme converges for T-+O, its realization is analogous to that in Section 61.

63. Schemes of increased order of accuracy

All the above difference schemes for solving parabolic equations did not have more
than second-order accuracy in space variables and time. The splitting fractional
steps method can be used for obtaining simple schemes ofincreased orderofaccuracy.
Assume here that the grid is uniform and has the same step h in all variables Xrz.

The schemes of increased accuracy for the simplest parabolic equations,
constructed by factorizing the operator on the upper time layer are considered in
works by DOUGLAS and GUNN [1963J, SAMARSKII [1963bJ, SAMARSKII and GULIN
[1973J, YANENKO [1967], SAMARSKII and ANDREEv [1963]. These schemes are
constructed on the basis of an m~layer homogeneous scheme of increased accuracy
(m~2 chosen) in the form:

n+1 n
cP - cP +Lcpn + 1 = fn ,

T
(63.1)

where fn is the result of applying difference spatial operators to the functions cpn,
n-1cp , ....
We consider the method proposed by DOUGLAS and GUNN [1963] and assume

that the following two-dimensional heat conduction equation has to be solved

acp/at +Acp = f

where

(63.2)
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To solve (63.2) we use a scheme of the stabilizing correction type

(63.3)

We choose the following difference operators L and La. as approximating operators:

L =1A -i(hjr)2E,

L1 =1Al -i(hjr)2 E, L2=1A2'

where A, Al and A2 are approximations ofthe differential operators -A, -o2joxf,
- o2jox1. Then, under the condition rjh = const, scheme (63.3) has accuracy oforder
0(r 2 + h2

) and is absolutely stable.
If we choose for operators L~ L 1 and L2 the following,

L=i(1-ih2jr)A,

La. =1(1-ih2jr)Aa.~ (X= 1~ 2,

then scheme (63.3) will be absolutely stable and have the accuracy of order
0(r 2 +h2) if the condition rjh2=const holds.

Another method of constructing a factorized operator is proposed by SAMARSKII

[1963b]. It is based on replacing (63.1) with the scheme,

(63.4)

where the operator tP is chosen in such a way that the operator of the scheme (63.4) is
factorized. If we split L according to the expansion,

L=L1 +L2+.··+Lp~

then

E +rL+Q=(E +rLd,,·(E +rLp )'

Hence, Q can be represented as

Q=(E +rLd···(E + rLp)-(E + rL)

=r2 L La.Lp +r3 L La.LpL.y +." +rPL1L2-L;
a.<p a.<P<-y

(63.5)

(63.6)

In the work by SAMARSKII [1963b] the following absolutely stable two-layer
scheme of increased order of accuracy,

n+l n
ep - ep + OAepn + 1 + (1- O)Aepn + !h2 L Aa.Apepn = 0,

r a.<P
p

A= L Aa.'
a.=1

(63.7)
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p

ocpjot+Acp=O, A= - L 02cpjox;
tt""1

(63.8)

with accuracy of order O(r 2 +h4
) is taken instead of the initial scheme (63.1).

In this case the factorized scheme has the form:

(E+ I9rA 1)(E+ I9rA 2)···(E + I9rAp)cpn+1 =Qcpn +fn

where

-(l9r)2 L AttAp+ (I9r)3 L AttApA/'
tt<P tt<P</'

+ .,. + (-1)P-1(l9r)P-1 A 1A 2... A
p

'

(63.9)

(63.10)

(63.11)

(63.12)

A scheme of increased order of accuracy is likewise constructed for the equation

ocp _ ±k 0
2

cp = 0
at ttl p= 1 ttPOXttOXp ,

kttp=const, kll =k22 = 1.

The initial homogeneous scheme has the form

n+1 n-1 A +A
cp -cp + 11 22(cpn+1 _ n-1)_2k A cpn

2r 2 cp 12 12

h2 cpn+1_2cpn +cpn-1 h2
+ 12 r 2 + 6bAllA22cpn =0,

where A ll,A22 and All are given by formulae (61.2) and (61.3) and the parameter
b is defined by

b=I+2kI2 -3Ik121.

The factorized scheme has the form

(63.13)

L· =E+l9rA..1 11'

where

19- 1
- l+ih2jr'

All schemes from this section are realized on the basis of the scalar sweep method
in all directions which is fairly simple.
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64. Finite element method schemes and splitting schemes for
two-dimensional parabolic equations

We consider the diffusion equation

(64.1)

(64.2)

(64.3)

in the two-dimensional domain Q with boundary aQ and choose homogeneous
boundary and initial conditions:

cp =0 for aQ,

cp =0 for t=O.

We assume that coefficients kap(x l' X 2) satisfy the uniform ellipticity condition in
Q and that f(x 1 , x 2 ' t) is a sufficiently smooth function. We introduce a rectangular
uniform grid with steps hI and h2 in the domain Q and triangulate each grid cell by
diagonals of positive or negative direction depending on the sign of the integral

Xl.m+hl X2 ... + h2

-: ~t f f (k12 +k2,)dx, dx 2 ·

We denote by the domain Qh the largest conjunction of triangles belonging to Q and
we denote subdomains of Qh with positive and negative triangulations of cells by
Q~ and Q~ respectively.

We introduce a piecewise linear prolongation of the grid functions on the
triangulated domain Qh with the help of coordinate functions, Wm.n(Xb X2):

{
I for (m, n)=(k, 1),

w x x ~

m.n( l,k' 2,1)~ 0 for (m,n):¢:(k,l),

cph = LCPm,n(t)wm,n(x1,x 2), (x I,m' X2,n)E Qh\aQh.

The semidiscrete Galerkin equation for CPm net) in using the "lumping" method for an,
evolutionary term can be written in the form:

a~;,n(l, wm,n) +l(cph, wm,n) = (f, wm,n)'

(cph, wm,n)=O for t=O,

f 2 acph aw
l(cph, w)= L kap-a

a- dQ,
a,p= 1 X p Xa

Q

(<p',w) = f<p'WdQ.

Q

(64.4)
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In operator form equation (64.4) is given by

(}acp/at+Acp~1 (64.5)

Here (}>O and A~O are grid operators, CP={CPm,n(t)} andl~{(f,wm,n)} are grid
functions.

It is shown by MARCHUK and KUZIN [1983J that the grid operator A can be
represented as the sum of one-dimensional three-point operators

A=All +A22 +A12 +A2 1 ,

where operator A 11 acts on the grid lines which are parallel to the axis Xl' operator
A 22 on the lines parallel to the axis X 2, operator All on diagonals of positive
direction in the subdomain ff and A 2 1 on negative diagonals in the subdomain Q~.

It is proved that the operators are positive-semidefinite (Aap ~ 0, ex.,{3 = 1,2) if the
following conditions hold:

Basing on this we can use one of the splitting methods, in particular the two-cycle
method of type (59.12) with Crank-Nicolson schemes on each elementary step for
solving (64.5) (MARCHUK [1980J).

Similar results are obtained for the generalized von Neumann boundary
conditions.

The application of piecewise linear prolongation to equation (64.1) under the
condition that k12 +k2 1 =0 on a nonuniform triangulated grid which is topo­
logically equivalent to a rectangular one also leads to the grid operator splitting in
four one-dimensional operators. In this case the conditions of positive-semidefinite­
ness of the one-dimensional operators are reduced to some geometrical conditions
on the grid parameters.

This method has been used in the ocean dynamics models for computing the
stream function (KUZIN [1980J) and for solving the three-dimensional equation of
heat flux in the ocean, which is reduced by special splitting along the sections to
a series of equations of type (64.1) (KUZIN [1984J).





CHAPTER XVI

Equations of Hyperbolic Type

At present there exists a number ofeffectivealgorithms for solving problems that are
connected with equations of a hyperbolic type. This chapter features methods based
on special splitting algorithms for solving such problems.

65. The stabilization scheme for the multidimensional equation of oscillations

We consider an N -dimensional equation of oscillations

(65.4)

(65,5)for t=O,

'(pcp/at 2 + Acp f in Q x Qt, (65.1)

cp = 0 on aQ, (65.2)

acp/at=qandcp=p inQ fort=O, (65.3)

where Q is an N-dimensional parallelepiped and A= -E7==1 a2/axJ. We approx­
imate (65.1)-(65.2)in space by a finite difference problem on a uniform grid Qh with
step hj along the axis x j:

d2cph/dt 2+Acph=fh in tr ca;

cph=ph and dcph/dt=qh in Qh

Here

- CPi t + 1,' +2CPi".
hi '

- cp i t + 1, •+ 2cp it •• - cp i t - 1•.

hi '

2CPi t • • - CPi t -1,'

hi '
i 1 and M 1 are the index and the number of points along the axis x I' A 2 , A 3 , • • • , AN
are defined in the same way. Note, that all operators Aj>O,

377
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(65.6)

For the approximate solution of problem (65.4)-(65.5) in time we use the
following scheme (from now on the index h is omitted)

cp"+ 1_ 2cp" + cp"-1
B 2 +Acp"= in,

T

N

B= Il (E+tT 2 AJ
j= 1

(65.7)

Equation (65.6)approximates (65.4) with order O(T 2
). Equation (65.6)can be written

in the form

(65.8)

A Fourier spectrum analysis of the components of the solution vector (65.8) leads to
the following necessary stability condition of scheme (65.6)-(65.7)

T~2)!3(B- l A),

where !3(B- l A) is the upper bound of the operator B- 1 A spectrum. Thus, the
problem of choosing the parameter T satisfying the stability condition is reduced to
computing the maximal eigenvalue of the problem

Au=A.Bu,

in the assumption that all eigenvalues of B -1A are positive. This problem is solved,
for example, with the help of the Lusternik iterative process (see MARCHUK [1964aJ).
The realization of difference scheme (65.6) can be written as:

(E+tT2Al)~"+I/N= -Acp"+ in,
(E + tT2A2)~" + 21N=~" + liN,

(65.9)

(E + tT2AN)~"+ 1 = (n+(N-lIIN,

cpn+ 1 = 2cp" _ cp" - 1 + T 2~" + 1.

This problem is solved consecutively for n = 2, 3, ... using the initial data (65.3)

66. Approximate factorization schemes for equations of oscillations

We consider the following problem for the two-dimensional homogeneous equation
of oscillations

(Pcp 2(02cp 02cp)_
ot 2 -a ox2+ oy 2 -0, - 00 <x,Y< 00,

cp = p and ocplot = q for t = 0, a2= const.

(66.1)

(66.2)
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We use a scheme of second-order accuracy for an approximate solution of the
problem

q>n+1~2q>n+q>n-1 q>n+1+q>n-1
r 2 +A 2 0,

(66.3)

We rewrite (66.3) in the form

(66.4)

(66.5)

and approximately factorize the operator on the left-hand side of (66.4):

E +tr 2 A ~(E+tr 2 Ad(E+tr 2 A 2).

Finally, we replace scheme (66.3) by the following factorized one:

q>n+ 1 + q>n-1
(E+!r2Ad(E+!r2A2) 2 =q>n.

Scheme (66.5) is stable and has second-order accuracy. Scheme (66.5) is realized as
follows

n+1+ n-1
(E+ 1.r 2A ) q> q> = mn+ 1/2 1 2

2 2 2 't', n=, , ... , (66.6)

q>0 = p", q>1 = ph + t q".

Now we consider the scheme of approximate factorization of the operator on the
upper-level for solving the multidimensional equation of oscillations (65.1) where

N 02q>
A = ~ L -02' f = 0,

a=l X a

Q={x: -oo<x<oo}, X=(X 1,X2, ... ,XN)

(KONOVALOV [1962J). To solve it we use an implicit difference scheme,

(q>n+ 1 ~ 2q>n +q>n-1)
~--=-----=--..:.,-----.:.. ~ 0

r 2+Aq>n+1 ~,

and rewrite it in the form

(66.7)
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Using the relationship

( E +,' ,t. Ai) cP'+·=It (E +,'A,)cp'+. +O(,'~

we can replace scheme (66.7) by the following factorized one
Nn (E+r 2Ai)cpn+ 1 =2cpn_ cpn~ 1.

i= 1

The realization of scheme (66.8) has the form:

cpn + liN _ 2cpn + tp" - 1___---:::--- +A (()n + liN= 0
2 I't"r

cpn + tiN _ cpn +(i- I)/N

------::------+ A.(()n+i/N= 0 i 2 N~ 2 l't' , =, ... , ,
r

CHAPTER XVI

(66.8)

(66.9)

A scheme similar to the DOUGLAS-RACHFORD [1956J scheme suggested for solving
a multidimensional heat conduction equation can be used for solving a multi­
dimensional equation of oscillations. It has the form

i= 2, 0'" N, n = 1, 2, ., .,
(66.10)

Schemes (66.9) and (66.10) approximate the differential problem (65.1)-(65.3) for the
N-dimensional heat conduction equation. The approximations are consistent for
r/hi=const, i= 1, ... , N. A Fourier analysis shows that schemes (66.9) and (66.10)
are unconditionally stable independent of the value r/hi=const.

Note also that, in the case N = 2, scheme (66.10) can be used for a more general
equation as well (KONOVALOV [1962J)

a2cp a2cp a2cp a2cp
~=all ~+2a12 a a +a22~'
ut uX 1 Xl X2 uX1

a··=const,lJ

It has the form

(66.11)
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67. Local one-dimensional schemes for the multidimensional hyperbolic equations

Consider the following problem for an N-dimensional hyperbolic equation with
variable coefficients

02cp N •

-2+ I AiCP= J(x, t) In QT'at i == 1

A,q>= - o~( (ki(X, t)::J q>=jl(x, t) on oQ,

cP=p and ocp/ot=q in Q for t=O.

Here

(67.1)

(67.2)

Q is an arbitrary N-dimensional domain with the boundary oQ,

Q=Q+oQ, QT=Q x (O<t~ T],

Q T = Q x [0 ~ t~ T].

It is assumed that this problem has a unique solution tp = cp(x, t) which is continuous
in Q T and has all required derivatives (i.e, is sufficiently smooth).

Two assumptions are used with respect to the domain Q:
(1) A section of domain Q by any straight line parallel to the axis OXi may consist

only of a finite number of intervals.
(2) It is possible to construct in the domain Q a bounded grid Qh with steps hi'

i= 1,2, ... , N.
In order to locally construct a one-dimensional scheme for solving (67.1)-(67.3)

we do as follows (SAMARSKII [1964b]). We approximate with step T/N the operators

1 02cp
lPiCP= N ot 2 -(AiCP+h), i= 1,2, ... , N

successively, where Ji satisfies the condition

i== 1

(67.3a)i= 1,2,

In order to approximate the derivative 02 cp/ot2 with step T/N we use for N = 2 the
expression,

___ CPi- 2CPi-l + (,OJ _~(02cp)n+(i-l)/2
CPt/i - T 2 4 ot 2 '

where

...l> n - 1CPo= 'f' = cP ,

qJi=cpn-l+i/2,

CP2 = cpn,
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and for N=3,

q>i-q>i~I-q>i~2+({>j 2 02q>
q>~f; = T 2 ""g ot2' i=1,2,3,

CHAPTER XVI

(67.3b)

where

III - 1')\ _ 1Il'1 - 1 +2/3 III _ 1')\ _ Ill" ~ 2/3
't'~1-'f'2-'t' , 't'-2-'f'1-'t' .

To approximate Ajq>+/; on the grid Qh we use the one-dimensional difference
operator of second-order accuracy,

Ajq>h+ f7·

The coefficients of the operator Ai and ff are fixed at the moment

ti= 0.5 (t n +ilN+ tn - 1+ jlN)= tn + ijN-1/2 = t n +(i/N -t)T,

so that

(67.4)
i= 1, ... , N, N =2, 3,

Local one-dimensional schemes for hyperbolic equations have the form (from
now on h is omitted)

q>~f;= -O"N Ai(q>j+({>i)+20"Nq>j,

where

for N =2,

for N =3.

(67.5)

If N = 2 we obtain a three-level additive scheme and if N = 3 a four-layer one. Here
lies the difference from the parabolic equations, where the form of local one­
dimensional schemes does not depend on the number of dimensions N. Equation
(67.4) can be written in the form

2 ,,{2(q>j_l+0"2T2q>J forN=2,
(E +O"N T Aj)(q>i+ q>j)= 2 2fh r: N 3

q>j-l +q>i-2+ 0"3 T j lor =.

Finding q>j is reduced to solving a three-point equation

(E+O"NT2Aj)q>i=Fj (67.6)

along circles parallel to the axis 0 Xi by the sweep method using a boundary
condition

qJj= J1(x, tn +jIN) for X E oQ~. (67.7)

If the operator Ajq> has junior terms then in using the sweep method the
requirement that the step sizes are sufficiently small on the grid Qh steps arises. To
get rid of these restrictions on the grid Qh junior terms should be taken on
intermediate layers. The first of the initial conditions, q>(x, 0)= p(x), is approximated
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exactly

cph(X, 0)= p(x).

To compute the intermediate values

cp 1/2 =cp(x, lr) for N =2

and

(67.8)

cp 1/3 = cp(x, tor), cp2/3 = cp(x, lr) for N=3

we use the following equations: for N = 2,

(E +i-r2A 1)cp1 /2 = F l'

F 1 = p+!-rq-i-r2A 1P+ -r 2 (Jl/2 -·M -Acp +J))t=-o;

for N =3,

(E +i-r2A 1)cp1/3= F 1 ~

(E +~-r2A 2)(cp2/3 + p)=2cp1 /3 + F2'

F 1 = P+t-rq--r2AlP +q2(iJl -i( - Acp +J))t=o,

F2 =-r2(tJ2 -M- Acp +J))t=O'

(67.9)

(67.10)

The local one-dimensional schemes (67.4) with the corresponding approximations
of the boundary and initial conditions converge with rate O(t+lh\2) if certain
smoothness conditions for cp(x, t) and J(x, t) hold (SAMARSKII [1964b]).

68. The splitting scheme for multidimensional hyperbolic systems of equations

The splitting method for multidimensional hyperbolic systems was first suggested
by BAGRINOVSKY and GODUNOV [1957]. These authors considered only the explicit
approximation for which the splitting scheme has few advantages as compared to
conventional explicit schemes.

ANUCHINA and YANENKO [1959] suggested an implicit splitting scheme for a
multidimensional hyperbolic system. We demonstrate the idea ofthis scheme for the
case of a two-dimensional system of acoustics equations.

We consider the following system of equations

(68.1)

In order to solve (68.1) we use a weighted splitting scheme along the coordinates



384 G.I. Marchuk CHAPTER XVI

Xl and x 2 ' On the first stage of splitting we have:

U" + 1/2 u"2 - 2
0, (68.2)

V" +1/2_ V"

T

and on the second stage we have

U" + 1 u" + 1/21 - 1
-----=0,

T

U" + 1 U"+l/22 - 2

(68.3)
V" + 1 _ V" + 1/2 ~

------~(au'i + 1 +{Jui +1/2)= 0,
T h2

a+{J= 1,

where

A !pl,.... i+l, ... -!pl ..... i, ...
ili!P = h. '

I

A _ !Pl, ...,i,.•. - !pl, ....i~ 1, •.•
il_j!P - h. .

I

Scheme (68.2)-(68.3) is absolutely stable for (X~! and approximates the original
system (68.1) with first-order accuracy in T. For a= {J =! the approximation
accuracy is O(T2 + h2

) (YANENKO [1967], p. 63).
Scheme (68.2)-(68.3) is realized in each stage of splitting by simple three-point

sweeps.
The approximate factorization method (66.5), used for solving the two-dimen­

sional wave equation, is generalized for the case of N-dimensional hyperbolic
systems of second order (DVAKONOV [1971d]).

We assume that it is necessary to solve the following problem

and

!P = p and a!p/at = q in Q

!p=0 on aD.

for t=O,

(68.4)

(68.5)
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CP=(CPI(X), CP2(X)"", CPN(X)),

Acp = Al cP +A2 CP,

d 0 ( Ocp) d 0
AICP=- I ;- a,.,l-;;-- + I b,.;-cp+Ccp,

7,1=1 lJX,. lJXj 7=1 lJX,.

a,.,l' b, and Care (N x N) square matrices depending on x, f, p and q; ao(x, 0)=0.
Let Ai, Ai and AR = Ai+Ai be the difference analogues of operators AI' A 2 and

A at time t
R

= nT on a rectangular grid. To solve (68.4)-(68.5) we use the following
difference scheme (DYAKONOV [1965a, 1967b, 1971d])

d

+AR(cpR)i+ 28 L A,.(cpR~cpfl~l)i=f7

,."" I

for xi E Qh, (68.6)

where 02cp/ot2 for t=O is defined by (68.4)-(68.5). Scheme (68.6) approximates
(68.4)-(68.5) with the error O(T2

) in time. If the conditions

I(A~)(u), V)I~0"21Iullil +0"31Ivllt,

8 ~!(#o + #1), T ~ T*< (40"3)-1,

d

R 1Ui= ~ L LI,.Uj,
,.= 1

,. <,. < ... <,.
1 2 0:
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(68.7)

(68.8)

hold, then for the solution of (68.6) the following a priori estimate is valid:

11<Plll~const{ ~<P 2 +11<p0II~ +11<p111~ +11<p}11~-1 +11/III~-l
ut 1 1 1 1

k-1 a 2 k d )

+1' I ~/1 +T I I r 2a
-

1
Ilf~l!i-l J~'

"=2 at R11 "=1 a=2 "

Applied to multidimensional hyperbolic systems the splitting method allows to
obtain majorant approximations. Let

o<p N o<p
-;-+ I A(~--+B<p=O
ut 1=1 uXi

be a linear hyperbolic system which is symmetric according to Friedrichs. Here
<p = {<P1' ... <PN} is a vector function and Aj and B are symmetric (N x N) matrices.
YANENKO [1964a] showed the possibility of constructing the majorant schemes by
the splitting method. Let us show a possible way of constructing majorant
approximations for equations of type (68.7) (see YANENKO [1967]). If the Ai are
positive matrices, then, using the approximation

<p"+1 <p" NET
----+ I Ai -- -i <p"+B<p"=O,

T i= 1 hi

we obtain the scheme

N

<pn+ 1 = Co<p"+ I c., T -i<P",
i= 1

where

N

Co=E- I (T/hj)Aj-TB,
i= 1

(68.9)

T -i/(X1"'" X N)= /(X 1, ... , xi-hi"'" X N).

1fT/hi is sufficiently small, then matrix Co is positive, the matrices C- i are identically
positive.

If the Ai are negative matrices, then E - T -i should be replaced by T,-- E in (68.8).
If the Ai are the matrices with an arbitrary sign then the following representation is
possible

A.=A~+A~
1 It'

where the A] are nonnegative and the A] are nonpositive. In this case the scheme has
the form:

N N

<p"+l=CO<p"+ I C_iT_i<p"+ I CiTj<p",
i=l i=l
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N N

Co = E - I (r/hi ) At + I (r/hj)Ar - rB,
j=:1 i=1

i = 1, .. " N.

Matrices C ~ i and C,are always positive and matrix Co is positive if r/hi is sufficiently
small.

The splitting method allows to construct easily realizable positive schemes. We
consider an explicit majorant splitting scheme

mn+ sjN mn+(s~l)jN [ E T T E BJ
-r r w + Al ~ -s+A2 s~ +_ mn+(s-l)jN=O

s h s h N'f' ,r s s

s=I, ... ,N.

Scheme (68.10) is reduced to

where

Cs= COs+C-sT~s+CsTs,

Cos=E -(r/hs)AI +(r/hs)A;-rB/N,

C ~s=(r/hs)A:, Cs= -(r/hJA;,

s= 1, ... , N.

Operators C- s and C, are always positive and operators Cos are positive if r/hs is
small.

Hence, the scheme

n+l C C C n<P = m m-l'" 1 <P

is positive.
Majorant schemes with low accuracy are, as a rule, maximally stable. They often

lead to convergence in the space C 1 and are easily realizable.
The splitting method for multidimensional hyperbolic systems has first been

suggested by BAGRINOVSKI and GODUNOV [1957].
The general concepts of splitting schemes (their approximation and convergence)

and their use for solving hyperbolic equations are given by MARCHUK [1970,
1980], DYAKONOV [1963b], SAMARSKII [1946b], LEES [1960c], KONOVALOV [1962],
YANENKO [1967], ANUCHINA and YANENKO [1959] and WANG [1984].

Numerical splitting algorithms developed for applied problems (nonlinear
problems included) described by hyperbolic equations are considered by
BELOTSERKOVSKY [1984], SCOTT and ROGER [1983] and LAVAL [1983].





CHAPTER XVII

Integro-Differential
Transport Equations

69. Statement of the problem and the scheme of incomplete splitting

Let D be a convex limited domain in 1R3 with piecewise smooth boundary aD and
variable point x=(x1 ' X 2,X 3). Let w be a sphere of unit radius in 1R3 with the center at
the origin, S=(Sl,S2,S3) is the unit vector CEf=lsl=1), taking values on i».

Sj, i = 1,2,3, can be represented by

S1 = sin 8· cos t/J, S2 = sin e.sin t/J,
o~ 8~ n, O~ t/J ~21t.

We denote the integral over co by

It 21t

Stp =ftp ds=fsin B dBftp dr/'

ill 0 0

and the time variable by t E Dr = (0, T), T < 00.

The integro-differential transport equation for particles In a medium with
isotropic scattering has the form:

1 alp «,
- -;- +(s, V)lp+(Jlp=4-Slp +!(S, x, r),
Ve ut 1t

where ve = const > 0 is the velocity of particles,

3

(s,V)lp = L SjOlp/OXj,
l> 1

(69.1)

!(s, x, t)-!(8, t/J, x, t) is the function of sources, (J = (J(x), (Js = (Js(x) and the restrictions

0< (Jo ~(J(x) ~ (J 1 < 00, 0 ~(Js(X)~(JSl'

0< (JeO ~ (Je(X) = (J(X) - (Js(x),

for constant (J0' (J l' (JcO, (J51 are assumed to hold.

389

(69.2)
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For (69.1) we will take boundary and initial conditions of the type

cp(s, x, t)= 0

for (s, n)<O, xEaQ, tED" SEW,

cp(S, x, O)=g(s, x) for xEQ, SEW,

(69.3)

(69.4)

where n=(n1 , n2' n3 ) is the unit vector ofthe external normal to aQ, (s, n)= u. lSinj,
and g(s, x) is the function of the particles' initial distribution.

If the spatial domain in which the process of particles' transport is considered is
the slab where Xs =ZE Q=(O, H), H < 00, - 00 -cx., X2 < 00 and the properties of the
medium and those offand g do not depend on Xl' x 2 and t/J, then problems (69.1),
(69.3H69.4) take the form

~ acp + jJ.acp +a(z)cp(jJ., z, t)
Vc at az

1

=111,(z) fcp(",', z, t) d"" +f,
-1

cp(jJ., 0, t)= 0 for u > 0,

cp(jJ., H, t)=O for jJ.<0,

cp(jJ., Z, 0)= g(jJ., z),

(69.5)

where jJ.=cos 8E [ -1, 1].
We will consider the splitting schemes on examples ofthe above-stated problems.

Note that the schemes are simple to write for problems with anisotropic scattering
(when Scp = jn8(s, s')cp(s', x, t) ds') and also for the more complex problems of the
transport theory (in particular, in curvilinear geometries).

For the approximation of the problems, let us introduce grids on all variables,
denote the grid step in t by At and define difference approximations for the operators
in (69.1): Sh' A 1 =ah-(1j41t)ashShand A2=(s, V)h are difference approximations of
the operators S, a-(asj41t)S and (s, V) respectively. Here ah, as.h are diagonal
matrices of corresponding dimension. We assume that the approximating operators
Sh' A 1 and A 2 are constructed so that the relationships

(A 1 CPh' CPh) ~ Y(CPh' CPh)' Y= const > 0,

(A2CPh,CPh)~0, She=e
(69.6)

hold, where e=(1, 1, ... ,1) and the operators actin the Hilbert space fP=Hn with the
inner product (.,.). Now we formulate the scheme of incomplete splitting for the
solution of these problems (MARCHUK and YANENKO [1964]):

(69.7a)
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where <X~O, P~O, <x+P=1, r=vc~t.
For <x=P=! it has the form

qJn +1/2 _ qJn (qJn + 1/2 + qJn) _ n
r +A 1 2 -fh'

(69.7b)

(69.8)

(69.9)

qJn+1_qJn+1/2 (qJH1 +qJn+1/2)
-----+A2 =0.

r 2

Scheme (69.8) is absolutely stable, but since the operators Aland A 2 do not
commute it has only a first-order approximation in r,

Let us describe the realization of scheme (69.7) which is valid for the scheme (69.8)
as well. Assuming vector tp" to be known, let us apply operator Sh to (69.7a). As
a result we obtain the following equation for functions qJo+ 1/2 =ShqJn+ 1/2, qJO =ShqJn:

where (ich =(ih -(ish' From this result we obtain

qJo + 1/2 = (E +<xr(ich) - 1 [(E - pr(ich)qJO +Shfh].

(Note that here (E +<xr(ich)-l and (E - PUJch) are diagonal matrices and hence, that
the scheme is easily realizable at this stage.) Then we rewrite (69.7a) in the form:

n+1/2 n a h
qJ -qJ +(ih(<XqJn + 1/2 +pqJn)= 4S (<XqJO+1/2 + pqJo)+/".

r n

Since qJo + 1/2, qJo and qJn are already known, we invert the diagonal matrix and find

'P'+ '12 = (E +IXTa.) - '[::(~'P~-112 + P'P~) +n - (E - pta')'PJ
Realization of (69.7b)depends on the approximation chosen for the operator (s, V).
So does realization of the boundary condition (69.3).

Assuming <X= p=t in (69.7) and writing the two-cycle scheme of incomplete
splitting in the form

(E +!rAdqJn-1 /2 =(E -!rAdqJn-1,

(E +trA2)(qJn - rfn) = (E - tTA 2)qJn-1/2,

(E +trA2)qJn + 1/2 =(E -trA2)(qJn +rfn),

(E +!rA 1)qJn + 1 = (E - teAl )qJn + 1/2,

n= 1, 2, ... ,

where [" /"'t=t", we obtain an absolutely stable scheme with a second-order
approximation in t (on smooth solu tions!) on the interval tn -1 ~ t ~ t; _ i - Equations
(69.9) are solved in the same way as in the case of scheme (69.7).
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70. The scheme of complete splitting

We represent operator A 2 as a sum A 2= }:r=IA2,;, where A 2. i is an approximation
of the one-dimensional operator sljjox j • By splitting operator A 2 of (69.7b) we
obtain the scheme ofcomplete splitting (MARCHUK and YANENKO [1964])

n + 1/4 n

ep - ep +A 1 (lXepn + 1/4 + f3epn) = f",
t

i=I,2, ....

(70.1a)

(70.1 b)

(70.2)

(71.1)

This scheme is absolutely stable but it has only first-order accuracy in r (since
operators Al and A 2 , i do not commute). Equation (70.1a) is realized like in the
scheme of incomplete splitting.

We now consider the solution of equations (70.1b). Let Q be a parallelepiped.
Then these equations are easily solvable ifthe operators s/Ojoxi are approximated by
schemes of the running count. Realization of the boundary conditions is obvious in
this case. In the case of an arbitrary convex domain Q we can do as follows. Let Q be
a parallelepiped including Q. We extend the definitions of Us, g andjbyzeros in Q\Q
and we consider u(x) in Q\Q, an arbitrary positive constant. Hence, we obtain new
functions a, as,1and g and can consider the problem

1 oip - - - a - J,- -;- +(s, V)ep +uep = 4 s Sep + ,
Dc ot 1t

xEQ, tEQt, SEW,

ip=O for xEOQ, (s,fi)<O, SEW,

ip=g for t=O.

The solution of this problem will coincide with that of the initial problem in Q.
Solving (70.2) by means of the splitting schemes considered above wewillalso obtain
the approximate solution of the initial problem.

71. The scheme of approximate factorization of the operator

The scheme has the form

(E + rA I)(E + rA 2)(epn+ 1 _epn)= - 2r(Aepn - jn),

where

I" .fh11==t"+1/2' A=A 1 +A2.

It approximates the initial problem (69.1), (69.3H69.4) or (69.5) with second-order
accuracy in r and is absolutely stable. It can be realized through the solution of the
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following equations (like the scheme of incomplete splitting)

(E +rAd<pn + 1/3 =2rFn,
(E+rA 2)<pn+2/3 =<pn+l/3,

sp" + 1 = ip" +<pn + 2/3,

(71.2)

where

Fn= -(A<pn_fn), n=O, 1,2, ....

We consider scheme (71.1) in more detail by applying it to problem (69.5) for
concrete difference approximations of the operators (see SMELOV [1978]). To this
end divide the segment [ -1,1] in 2M equal intervals and regard the center of each
one as the grid point along the angular variable. Let us number these grid points as
follows:

J.l.-M<J.l.-M+1 <···<J.l.-1 <J.l.1 <···<J.l.M-1 <J.l.M·

Hence J.l.j = - u:i: On the segment [0, H] we introduce an arbitrary system of grid
points

O=zo <z, < ... <ZN=H

choosing them in such a way that points of discontinuity in the equations'
coefficients coincide with some ofthese grid points. We assume that the indices k,j of
any grid function ak j will denote the following correspondence to the grid points:

(k,j)-+(Zk'J.l.) for j> 0,

(k,j)-+(Zk-1'J.l.) forj<O.

We define difference approximations Al and A 2 as follows:

M

(A1<P)kj=ak<Pk,j-tAJ.l.as.k L <Pk,m'
m=-M (71.3)

j>o,

j<O,

k= 1, ... , N, j= + 1, ... , +M,

AJ.l.= 11M,

ak= a(zk- 1/2)' as.k = as(zk-1/2)'

Zk-1/2 =t(Zk +Zk- d·
We assume that in (71.3)

<Po '=<PN+1 .=0,J ,J

(i.e., the boundary conditions of the problem are satisfied). With such difference
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approximations of the transport equation operators system (7.12) can be written in
component form as follows:

Fkj = - (AI lp")kj -(A 2 lp" )kj +fkj,

M

r; = A)1. l: Fkm,
m=-M

11+1/3_ 2r [ (Jsk
T F" FIIJ

lpk.j - 1+ r(Jk 2(1 + (Jckr) k + kj ,

mil 1: 1 = mil . +mil 1: 2/3,
~k,J ~k,J ~k,J

k = 1, 2, ... , N, j = + 1, ... , +M,

where

(71.4)

Scheme (71.4) has an approximation of order O(r2 +h+A)1.2), h=maxkhk, on
smooth solutions and is absolutely stable. It also preserves the major properties of
the operators of the original problem.

72. The method of integral identities and the splitting method

Let us now construct the scheme for a problem in a slab on the basis ofthe method of
integral identities and the two-cycle splitting method (MARCHUK [1980], p. 464). We
denote by lp + the solution of the problem for )1. > 0, and by lp - the solution for )1. < O.
Then the transport equation can be written as a system of two equations for )1. >0:

(72.1)

1

1 Olp - Olp - - 1 f( + - ) d I f -- -~- -)1.-;;- + (Jlp =2:(Js lp + lp )1. + ,
Dc ut oz

o

with boundary conditions

lp + (0,)1., t) = 0, lp - (H,)1., t)= O. (72.2)

We sum and subtract the two equations (72.1). As a result we obtain two new
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1

1 OU ou f I- ~ +jJ.~ +O'U=tTs udjJ. +g,
Vc ut oz

o

1 OU OU- - + jJ.- +O'v=r,
Vc ot OZ

where

U = t(qJ + + qJ - ), v= t(qJ + - qJ - ),

g=!(f+ +f-), r=!(f+ -f-)·

The boundary conditions (72.2) transform into

U+ v=o for z=O,

u-v=o for z=H,

and the initial conditions are

(72.3a)

(72.3b)

(72.4)

for t=O. (72.5)

We write (72.3)-(72.5) in operator form. To this end we introduce vector functions w,
W

O and F and operator A:

A= o
jJ.­oz

o
jJ.­oz

0'

(72.6)

(72.7)

We consider them in a Hilbert space L 2 (D), D = (0,H) x (0, 1)of vector functions with
the inner product

1 M

(a, b)= it. fdJ1fa'b' dz,

° °
where d and bi are components of vector functions a and b. Now we can write the
problem under consideration as follows:

1 ow
- - +Aw=F in D x (0, T),
V

C
ot

w=wo in D for t=O,
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(72.8)

where function w for any t belongs to the domain of operator A (in particular, it
satisfies conditions (72.4)).

We construct a difference approximation ofthe problem along the variable z. To
this end we introduce two systems of grid points: the main system {Zk}:== 0, Zo = 0,
zN=H and the auxiliary system {Zk+l/2}::J. The points of these two systems
alternate, i.e. Zk-l/2 <Zk<Zk+l/2' We integrate (72.3a) in Z with limits (ZO,ZI/2)'

(Zk-l/2, Zk + 1/2), k = 1, ... , N - 1 and (ZN-l/2, ZN) and (72.3b) with limits (Zk -1, Zk),

k = 1,... , N.ln the elementary integrals we approximately replace the function U by
its value at the corresponding grid point Zk and the function v by its value at Zk ~ 1/2,

take boundary conditions into account and omit the approximation errors. Then we
obtain the following system of equations:

1 Olp
- - +Alp=F, tEDt ,
Vc ot
lp=lp(O),

where

lp =(uo, V1/2' u1 , .•. ~ UN - l' VN - 1/2' UN)'

F=(go,r1/2,gl"" ,gN-l,rN- 1/2,gN)'

(0) _ (0) (0) (0) (0) (0) (0»)
lp - Uo ,V1/2 , U l "",UN-t. VN-l/2,UN ,

Zk+1/2 Zk + 1/2

1 f 1 f o, dz,(Jk=- (J dz, (Jsk= -
AZk AZk

Zk-112 Zk-112

Z1<+ 1 Zk+ 1/2

1 f o dz,
1 f gdz,(Jk+l/2= A gk=-

Zk + 1/2 AZk
Zk Zk - 1/2

Zk+ 1

1 f rdz,r k+ 1/2= A
Zk+ 1/2

Zk

AZO=ZI/2 -Zo'

AZk=Zk+l/2-Zk-I/2' k=1, •.. ,N-1,

AZN=ZN-ZN-l/2'

AZk-1/2=Zk-Zk-l' k=l, .. "N,

h = max(Azo, AzN• Azk, AZk- 1/2),

A=A2 +A1 ,

1

Al ~ diag( G;12 - G,,112 JYII2 d/l}

o
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/1/l1zo /1/Azo 0 0

- /1/l1z 1/2 0 /1/l1z1/2 0
A2 =

0 - /1/l1zN - I /2 0 /1/I1ZN - 1/2

0 0 - /1/l1zN /1/l1zN

{
I for i even,

Yi/2 = 0 for i odd.

Let Hh(0,2N) be the Hilbert space of vector functions a=(aO,a 1/2,a1, ... ,

aN _ l' aN - 1/2' aN) with inner product and norm
1

(a, b)= i~ f'hsnai/2 buz d/"
o

In obtaining (72.8), the approximation errors in case ofa uniform grid in the first and
the last equations are first-order in h and in other cases O(h 2

) on smooth solutions.
Basing on this fact we can prove that the estimate (MARCHUK [1980], p. 472)

max II CPT - cP II(t) ~ 0(h2 In1
/
2(l/h))

r

holds, where CPT is the vector of the values of the exact solution of the problem:

CPT = (u(zo, /1, t),v(z1/2' /1, r), ... , V(ZN -1/2, /1, r), U(ZN' /1, t)).

Note, also, that operators Al and A2 satisfy the relationships

(A 2 a,a)~O,

(AI a, a)~yll a 11 2
, y= const > O.

This allows us to formulate the algorithm for solving (72.8) using the two-cycle
splitting method:

(E +trA2)cpi- 2/3 =(E -trA2)cpi-
1 ,

(E + trA 1 )cpi- 1/3 = (E-! rA 1 )cpi- 2/3,

cpi+ 1/3 =cpi- 1/3 +2rFi, (72.9)

(E+ trAdcpi+ 2/3 = (E -trA
1)cpi+

1/3,

(E + !rA2)cpi+ 1 =(E-trA2)cpi+ 2/3,

where Fi is the vector with components

It follows from the properties of A 1 and A 2 that, if the solution is sufficiently smooth,
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scheme (72.9) approximates (72.&) with order 0(At2 ) and is stable:

max II <pi II ~ COl <p(O) II + max II Fi II).
j j

It follows from this inequality and approximation that

max II <p(t) - <pi II ~O(r 2
).

j

Hence

max II <PT(t)_<pi II ~0(T2 +h2 1In I /2(1/h)J).

i
(72.10)

We now consider the solution of system of equations (72.9). Since matrix
(I +!TA 2 ) is three-diagonal, the first and the last equations of (72.9) are easily
solvable for any fixed u. Since matrix operator (I + !LA I) is diagonal, the solution of
the second equation of (72.9) is reduced to the following computations:

(72.11)

i- 1/3 _ 1- ! TO'i - 1/2 j-2/3 '-I N
<Pi-1/2 - I <Pi-1/2, 1-- , ... , .

1+zTO'i-1/2

Analogous formulae can be written for solving the fourth equation of (72.9).
Let us now formulate the difference approximation of equations in Jl. To this end

we divide the interval 0~ Jl~ 1 in partial intervals t1Jl, by grid points so that the best
approximation of integrals in (72.11) on the given class of solutions is ensured:

I

f"'(1') dJl- It. SI 'PI' 'PI= 'P(p.,),

o

where s, is the weight ofthe chosen square formula. Replacing integrals in (72.9) with
this square formula and considering the system when u =Jl" 1= 1,... , m, we come to
the system of linear algebraic equations approximating the original problem

(72.12)

where <p{-I, ... , <p{+ 1 are vectors of dimension (2N + 1), 1= 1,... .m; <p~O) = <p(O)(J-t,),
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A 2, I = A 2 (P,), and operator A 1, I acts according to the formula

m

(A 1,ICP{)i/2 = Ui/2CPL/2 - Us,i/2 L skCPL/2,
k=1

i=0, ... ,2N.

As was notedabove, the first and the last equations of(72.12) are easily solvable, for
example, by the sweep method. The second equation is solved by the formulae

cpt; 1/3 = ~ [(1- !TUi)cp{i 2/3 + T:S,i f skCPl- 2/3],
1+2:TU j 1+ 2Tuci k=1

i=O,I, ... ,N,

(72.13)i= 1,... , N.j-1/3 _1-fTUi - 1/2 "-2/3
CPU-1/2 -1+ 1 cpfj,i-1/2,

2TUi-1/2

The fourth equation is solved using these same formulae with j + 1 instead of j.
Thus, the algorithm for the numerical solution of the nonstationary transport

equation is completely determined. Hence, we come to the absolutely stable scheme
with accuracy of order O(T2 +h2In 1

/
2(I/h)) on smooth solutions. The order of

accuracy in j.J. depends on the choice of the square formula. (Note that j.J.=0 is also
allowed as a grid point in the scheme under consideration.)

We did not impose restrictions on the grid steps yet. Note, however, that if the
sweep method is used in the scheme for solving three-diagonal systems, then for its
stability it is sufficient to require that T < max(Azi /2 ). For solving practical problems
this condition imposes some restrictions on the choice of the time step.

By using the method of integral identities, and the splitting and quadrature
methods in the same way we can construct difference approximations for problems
in the theory of particles' transport that depend on several spatial variables (see
MARCHUK and AGOSHKOV [1981],- pp. 405-410).

73. The numerical scheme for the nonstationary transport equation
in (x, y) geometry

We consider the nonstationary problem for the transport equation m (x, y)
geometry:

1 21t

1 ocp ocp ocp Us f f- ~ + j.J.~ +'1~ +ucp= - dy' cP dt/J' +f,
Vc ot ox oy 21t

o 0

(73.1)

(73.2)

cP=g for t:::;:O, (73.3)
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Q= {x, y:O<x<a, 0< y<b},

cp = cp(y, tjJ, x, y, t), U= u(x, y), Us = q-s(x, y),

S = (11, Yf) == (s1 , S2)'

Sl =Jl- y2 COS tjJ, S2 =Jl- y2 sin "',

}' =Ss =cos 8, O~ '" ~ 21t, O~ 8 ~t1t,

n= (nx ' ny ) is the external normal vector to Q and the restrictions (69.2) are assumed
to hold.

We attempt in this section to consider the algorithm for the numerical solution of
problem (73.1)~(73.3), which is absolutely stable and excludes any iterative
processes. We will construct such an algorithm using the following methods of
applied mathematics: the method of integral identities (to approximate the problem
in spatial variables); the splitting method (to approximate the problem in time
variable); and the quadrature method (to approximate in angular variables). We
assume further that the solution of the problem (73.1)~(73.3)is sufficiently smooth
and focus on the algorithmic side of the numerical solution of the problem. We will
give the major statements without proof since most of them are discussed in
corresponding sections of the book by MARCHUK and AGOSHKOV [1981].

73.1. Approximation in spatial variables

Let us first perform some transformations of the problem. Since its solution not
infrequently has some peculiarities where the vector s = (11, Yf) approaches directions
parallel to the coordinate axes, it is expedient to transform the original problem so
that the vector s=(Il, Yf) gets a value between these directions. Such transformations
allow in many cases to increase the approximation accuracy of the problem. Let us
perform such transformations for problem (73.1)-(73.3).

We write the integral term in (73.1) in the form

(73.4)

where

1 n/2

S",(k) = 2~ fdy' f","V, VI', x, y, t) dVI',
o 0

cp(k) = cp(y', "" +!(k -1)1t, x, y, t),

and consider problem (73.1)-(73.3) consecutively on the subdomains Q x W k, where

W k = {y, t/!: 0 < y< 1,!(k - 1)1t < '" < lk1t, k = 1, ... 4}.
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Then replacing t/J by t/J + t(k - 1)1t, we obtain the following system of four equations:

1 Ocp(k) Ocp(k) ocp(k) 4
- -- +J.l.<k)_- + l1(k)-- + (Jcp(k) = (Js L Scp(k') +pk) (73.5)
Vc at Ox oy k'= 1

cpk =0 on oQ (73.6)

cp(k) = g(k) for t = 0,

k= 1, 2, 3, 4,

where

(73.7)

o< t/J < 11t, 0 < Y< 1,

jl(k) = )1-y2cOS(1/J +t(k - 1)1t),

l1(k) = )1_ y2sin(1/J +t(k-1 )1t),

j(k) _ !(y, t/J +t(k -1 )1t, x, y, t),

g(k) = g(y, t/J +t(k -1 )1t, x, y).

As is easily seen, directions s parallel to the coordinate axes are already excluded
from problem (73.5)-(73.7).

We take the inner product in £2(Q) of (73.5) and (73.7) and an arbitrary function
V(X,y)EWHQ) (i.e., having first derivatives from £2(Q) and being equal to zero on
oQ). Then after integrating by parts we get the equalities,

(~ Ocp(k) , v) + (cpk, _ jl(k) ov -11(k) Ov) + «(Jcp(k) , v)
Vc at Ox oy

4

= L S«(Jscp(k'), v)+ (!(k), v),
k'= 1

(cp(k) ,v)= (g(k), v) for t=O,

k=1,2,3,4,

(u, v)=fuvdx dy.

n

We write conditions (73.6) in a generalized form

fill'" n, +~(k)n, Iq>(k)v") dx dy = 0,

anI!')

k= 1, 2, 3, 4,

(73.8)

(73.9)

(73.10)

where V(k) E WHQ) and v<k) lanl!<) = 0, oQ(k) is that part of the boundary oQ for which
(jl(k)nx + l1(k)ny ) > 0 for a given value k. Thus the exact solution of the original
problem satisfies equalities (73.8)~(73.10) that are used further for constructing
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integral identities and for approximating problems in spatial variables.
We introduce on Q a uniform grid

Xi =ih~ Yj=jh~ a=b~ N=M~ h=a/N

(only for the sake of simplicity; the algorithm for a nonuniform grid both in X and in
y has been considered by MARCHUK and AGOSHKOV [1981], p. 306) and define the
functions,

{

(X - Xi - d/h,
CPi(X) = _1 0 (x.; 1 -x)/h~

)Ix,; 0,

XE(X;_l,XJ~

XE (Xi'X i + l)~

X¢(Xi-1,X i + 1);

YE(Yj_ l' Yj)~

YE(yj~Yj+d~

Y¢(Yj-l~Yj+l);

where )Ix,; and )ly,j are normalizing coefficients, which can be further defined from the
conditions

bfq>J(Y)dy= 1;

o

(73.11)

in the case ofa uniform grid (73.11) gives the following values )lx,i=Yy,j=h.
To construct systems of integral identities we assume in (73.8) and (73.9)

v(X,y) = CPi(X)CPj(Y)' i~j= 1,. >., N-1.

As a result we come to systems of integral identities the elements of which are
arranged in vectors of dimension (N _1)2 and matrices of order (N _1)2 and
numbered as follows: for k= 1 we start from x=O, y=O; for k=2 from x=a, y=O;
for k = 3 from X = a, y = b; for k = 4 from X =0, Y = b. By assuming simple
approximations in these systems we come to a problem of the type:

4
= aik ) L SP(k,k')cp(k') +fCk) ~

k'= 1

(73.12)

cp(k) = g(k) for t = O~ k=l~ 2~ 3,4, (73.13)
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G (k) - (G(k) G(k) G(k) G(k) G(k) G(k) )
- I,b 2,1'"'' N-I,I"'" I,M-I' 2,M-b"" N-I,M-I,

'- ......-- ./ '- .......... ,I

G(k ) -
n,m ---

j= 1

(G(k). «; (X)qJm (Y)),

(G(k), qJN-m(X)qJm(Y)),

(G(k), qJN- m(X)qJM -m(Y)),

(G(k\ qJlI(X)qJM-m(Y))'

k= 1,

k=2,

k=3,

k=4,

j=M-I

G= qJ, a. I.

A=~[ -~~~J
~

N-I

f= [~"~J
~

N-I

8(k) and 8~k) are diagonal matrices of order (N -1) x (M -1) with elements

(J1I,m, k=l (Js,lI,m' k=l, ,

(J(k) = (IN-II.m, k=2,
(J(k) = (Js,N-II,m, k=2,

lI,m
(IN-II.M-m' k=3, s,n.,m

(Js.N-II,M-m, k=3,

(JII,M-m' k=4, (Js.II,M-m' k=4,

(J1I,m =((J, qJlI(x)qJm(Y)), (Js,lI.m = ((Js, qJlI(x)qJm(Y)),

P"(·,·)= l tO. l k=l 2 3 4
'OJ , '" s ,

p(I.2) =p(2.I) =p(3,4) = p(4.3) = 10p,

p(I,3) = p(3,I) =p(3.4) = p(4.2) = p0p,

p(l,4) = p(4, 1) = p(2.3) = p(3.2) =p@i,

Note that the numbering of vector and matrix elements is chosen in such a way
th t th I (1) (2) (3) (4)}' th .. f ha e va ues t qJlI.m, qJN-II.m, qJN-II.M-m, qJlI.M-m ,I.e., e approximations 0 t e
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averaged values of the exact solution

{cp!J:.)n,m, CP!f,)N - n. m' CP<f,)N - n,M -m, cp<i,)n,M - m }cpi,}!n.m = (cp(k), CPn(X)CPm(Y)),

are in correspondence with the grid point (xn,Ym)' Analogous relationships exist for
the grid points and elements of the vectors {g(k)} and {f(k)}.

Let Hh be a Hilbert space of vector functions with inner product and norm defined
by

II U Il h = (u, u)~/Z.

We define in H h the vector functions

G = (G(l), G(Z), G(3), G(4)f, G = cp,j, g

and the matrix operators

Al = diag(AI,kk)'

a = diag(O"kk)' as = diag(O"s,kk)'

A 1 , kk =1/1(k)1 =(f®A) +I11(k)I(A ®1),
,., _ A-(k)
"'/lk - '" ,

p(l,l)

k= 1, 2, 3, 4,

p(1,4)

p(4,l)

. S.

p(4,4)

Then problem (73.12)-(73.13) may take the form

1 ocp '" ~
- -;- +(A 1 +Az)cp-! in Qn
Vc ct

(73.14)

cp=g for t=O. (73.15)

Note the following properties of the operators Al and Az (see MARCHUK and
AGOSHKOV [1981]):

(a) Matrix Al is a lower triangular matrix with positive elements on the diagonal
and nonpositive elements outside the diagonal.

(b) Al is positive-semidefinite with

(73.16)

where d ~1tz,



SECTION 73 Inteqro-differential transport equations 405

(c) Operator ..12 is symmetric in H; and positive-definite

(..1 2 v, V)h ~aco II v Ill,

where

acO = min(u- us' CPn(X)CPm(Y)) ~ U eO > o.
n,m

(73.17)

These properties guarantee the existence and uniqueness ofthe solution cp(y, 1/1, t)
of problem (73.14)-(73.15) with

T

max IICPllh(t)+(fIlCPIl~dt)1/2
le{O,T]

o
T

'" C(II gil. +(flln: dtr2

)-

o

(73.18)

Besides,according to MARCHUK and AOOSHKOV [1981], the following error estimate
holds:

T

max II CPT - cP Ilh(t)+ (fll CPT - cP II~ dt)1
/2
~const· h,

te{O, T]
o

(73.19)

where vector CPT =CPT(Y' 1/1, t) has a structure similar to that of vector cp(y, 1/1, t) but
with elements (cp, CPn(x)CPm(Y)) equal to the averaged values of the exact solution of
problem (73.1)-(73.3).

73.2. Approximation in the time variable

The properties of A1 and A2 allow us to formulate the following algorithm for
solving (73.14)-(73.15) based on the two-cycle componentwise splitting method

(E + trA1)cpi-
2/3= (E -!TA1)cpi- 1,

(E + trA2)cpi-
1/3= (E - tTA2 )qY' - 2/3,

cpi+ 1/3 = cpi-1/3 +2Tfi, (73.20)

(E + trA2)cpi+ 2/3 =(E - !TA2)cpi+ 1/3,

(E+trAdcpi+ 1 =(E-!TAdcpi+ 2/3,

where E is the unit matrix with the same dimension as A1 ,

T=vcAt, At= T/y,

cpO =g,

tj+ 1

I'> ffdt/(tj+l-tJ~l)'
lj-I
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It also follows from the properties of Al and A 2 that scheme {73.20) is absolutely
stable with

max II cpjllh ~C(II 9 Ilh +max II fillh)' j=2k,
j

k=O, 1, 2, ' " , C=const.
(73.21)

When the solutions of the approximated problems are sufficiently smooth, scheme
(73.20) has a second-order approximation in T in the points tZj,j = 1,2, ... , tJ.

Consequently,

max II CPT(t2) - cp2i Il h ~ constrr? + h). (73.22)

73.3. Approximation in angular variables

We approximate the equations in the angular variables Y and l/!. To that end we
introduce an approximation of the integral scp by means of a suitable quadrature
formula,

L D

Scp'" L L A,dCP(Y" l/!d),
1=1 d=l

where Aid are weights, (YI' l/!d)are the values at the grid points. By replacing integrals
in (73.20) with quadrature formulae and considering equations from (73.20) with
Y= Y" I= 1, ... L, l/! = l/!d' d = 1,... ,D, we come to a system of linear algebraic
equations that approximates the original problem

1..... '-2/3 1..... '-I
(E +2TAl,ld)CP~d =(E -2TAl,ld)CP~d , (73.23)

1-..... i-l/3 1- - i-2/3(E+ 2TA2,ld)CPld =(E- 2TA2,ld)CP,d , (73.24)

CP{d+ 1/3 =CP{d- 1/3 +2Tf 1~, (73.25)

1 - '+2/3 1 - '+1/3(E +2TA2,ld)cpld =(E -2TA2,ld)CP~d ' (73.26)
1..... '+1 1..... '+2/3

(E +2TAl,ld)cpfd =(E -2TAl,ld)cpfd , (73.27)

where vectors CP{d have the same structure as cpi in (73.20) (they are regarded as
approximations to cpi(YI' l/!d))' cP~=g(YI' l/!d) and the operator B2,ld is defined as
follows:

[

PO ,I ) ... P(I,4)] L D

A2"dCP{d= YCP{d- 8S' : :'L L A'dCPI~.
"(41) p,,(4,4) 1= 1 s> 1P ,

Thus the algorithm for the numerical solution of the nonstationary transport
equation has been defined. As a result we have obtained an absolutely stable scheme
of first-order accuracy in hand second-order accuracy in T on smooth solutions. The
order of approximation in the angular variables is defined by the quadrature
formula chosen (LEBEDEV [1971, 1976]).
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73.4. Numerical realization of the algorithm

Let

;:j-1-(E ~ A~ ) j-1
SId - - 2 T l,Id ({Jld '

;:j+ 1/3 _ (E _ l.rA~ )m j+ 1/3
SId - '2 2,Id 't'ld ,

s l> 2/3 _ (E -l.TA )m j- 2/3
S Id - 2 2, Id -r Id '

;:j+2/3-(E_l.TA )mj+ 2/ 3
S Id - 2 1, Id -r Id •

Then (73.23)-(73.27) can be written in a component form as follows:
(a) Equations (73.23):

[
1+2.-(IJ!lk)1 + 111(k)I)]mk,j- 2/3

2h d Id 't'I,d,n,m

_2.-1 (k)1 k,j-2/3 T 1 (k) 1_ ;:k,j-1
2h J!Id ({JI,d,n-1,m- 2h I1I,d,n,m-1 - SI,d,n,m'

where

/I (k) _ /I (k)(y ,I,) 11 (k) - 11(k)(y ,I,)
r u -r I' 'I'd' n u -'I I' 'I'd'

mk.j-2/3=0 ({Jk,j-2 /3=0
't'I,d,O,m - , I,d,n,O - ,

;:k,j-1 -[1 T (I (k)I+1 (k)I)] k,j-1
SI.d,n.m - - 2h J!Id I1Id ({JI,d,n,m

T 1 (k)1 k,j-1 + T 1(k)1 k,j-1+ 2h J!Id ({JI,d,n-1,m 2h I1Id ({JI,d,n,m-1

m k ,j - 1 =0
't'I,d,O,m- ,

k = 1, 2, 3, 4,

1=1, ... ,L,

m k• j - 1 =0
't'I,d.n,O- ,

n=1, ... ,N-1,

d=1, ... ,D.

m=1, ... , M-1,

Equations (73.23) are solved according to the formulae

;:k,j-1 + T 1 (k)1 k,j-2/3 + T 1 (k)1 k,j-2/3
SI,d.n,m 2h J!Id ({JI.d,n-1,m 2h I1I,d ({JI,d,n.m-1

k,j-2/3 _
({JI,d,n,m -

(b) Equations (73.24):

(1+ lTO'(l) )m 1,j-1 /3
2 n,m 't'I,d,n,m

L D
.i. (1) " "A .( 2,j-1/3 + 1.j-1/3

- 2 TO's,n,m L.. L.. I'd' ({Jr,d',N-n,m ({Jr.d',n,m
I' = 1 d' = 1

+ ~,j;-1/3 + ~,j,-1/3 )= ;:l,j- 2/3
({JI.d ,N-n,M-m ({JI.d ,n,M-m SI,d,n,m,

(73.28)
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q +~TO"(4) )m4 •j - 1/ 3
'\ 2 n.m 't'l.d.n,m

L f)

1 (4) v "A o( 4.j-I/3+ I,j-i/3
- ITO"s,n,m 1.J 1.J i'd' ({JI'.d',n,m ({J",d',N -n,m

I' "" 1 d' "" 1

2.j-I/3 3,j-I/3) ;;4,j-l/3
+ ({Jl',d',N-n,M-m + ({J",d',n,M -m = Sl,d,n,m ,

CHAPTER XVII

1=1, ... , L,

n= 1,. , . , N -1,

d=1, ... ,D,

m= 1, ... , M -1,

where

L D

+ 1 (1) " "A o( I,j-2/3+ 2,j-2/3
2:!O"s,n,m 1.J 1.J I'd' ({J",d',n,m ({J1'.d',N-n,m

I' '" 1 d' "" 1

+ 3.j-2/3 + 4.j-Z/3 )
({J1'.d',N-n,M-m ({J1'.d'.n,M-m'

L D
1 (4) " "A o( 4,i-2/3+ l,j-2/3

+2TO"s.n.m 1.J 1.J I'd' ({J",d',n.m ({J".d',N-n,m
1'=1 d'=1

+ 2,j- 2/3 + 3.j- 2/3 )
({J",d',N-n,M-m ({J1'.d',n,M-m·

(73.29)

The solution of (73.24') is reduced to solving a succession of systems of order 4LD,
each of which is defined by equations (73.24') with fixed nand m. In the case of
isotropic dispersion, i.e. in considering problems (73.1 )~(73.3) (and also in case of an
anisotropic indicatrix of type

p

()= L ()p•Pp(/lo), /lo = (5,5'),
p""1

P is finite, {Pp(/l)} is the Legendre polynomial) equations (73.24) are solvable in an
explicit form and their solutions are:

2
[

(1)
l,j-I/3_ I,j-2/3+ TO"s,n.m

({J'.d,n,m - + (1) ~,.d,n,m 2+ (1) (1»)
T TO"n.m T O"nm-O"s,n,m

L D
." "A (;;I,j-2/3 + ;;2,j-2/3 + ;;3,j-2/3

1.J 1.J i'd' Sl',d',n,m SI',d',N-n,m SI',d',N-n,M-m
!' '" 1 d' "" 1

+ ;;4,j - 2/3 )J
SI',d'.n,M-m ,

(73.30)
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2
[

(4)
4,j-1/3 4,j-2/3 UJ I,n,m

f{JI,d,n,m =2+ (1) ",d,n,m +2+ ( (4)_ (4) )rUnm rUnm us,n,m

L D
. ~ ~ A (~4,j-2/3 + ~I,j-2/3 + ~2,j-2/3L... L... I'd' 1:.1',il',n,m I:.I',il',N-n,m 1:.1',d',N-n,M-m

t' == 1 d' = 1

+ ~3,j- 2/3 )]
~I',d',n,M-m ,

1=1,.,.,4 d=l, ... ,D.

(c) Equations (73.25):

mk,j+ 1/3 _ mk,j+ 1/3 +2rfk,
yl,d,nm - yl,d,nm I,d,n,m'

k= 1, 2, 3, 4, l=l, ... ,L, d=l, ... ,D, (73.31)

n=1, ••• ,N-1, m=l, ... ,M-l.

(d) Equations (73.26) have the same form as (73.24) and are likewise solved.
Elements of vector f{J{d+ 2/3, '{d+ 1/3 are found correspondingly according to formulae
(73.30), or (73.29) if j is replaced by j + 1.

(e) Equations (73.27) are solved according to

~k,j+ 2/3 r I (k)1 k.j+ 1 r (k)1 k,j+ 1
. I:.I,d,n,m + 2h J1'd f{JI,d.n-l,m+ 2hl'1ld f{J"d,n,m-l

mk,j+ 1 _
yl,d,n,m =

m= 1, ... , M -1,

k = 1,... , 4, 1= 1, ... , L,

n=1, ..• ,N-1,

d=l, ... ,D,
(73.32)

k,j+ 1 -0
f{JI,d,O,m - ,

k,j+ 1 -0
f{JI,d,n,O - ,

where

~k,j+2/3=[1+~(1 (k)I+I..,(k)I)] k,j+2/3
I:.I,d,n,m 2h J1'd '/Id f{JI,d,n,m

r I (k)1 k,j+2/3 r (k) k,j+2/3
+ 2h J1'd f{J I,d,n -1.m +2h I'1ld If{J I,d,n,m - b

k,j+ 2/3_0
f{J'.d,O,m - ,

k.j+2/3 _ 0
f{JI,d,n,O - •

Thus, the algorithm of numerical solution for problem (73.1)-(73.3) has been
completely defined. Note in conclusion that a scheme with a second-order of
approximation in the spatial variables is given in MARCHUK and Acosnxov ([1981],
p. 317). Further, we remark that, formally, b-sources in x, y and t are possible in the
above algorithm and that the algorithm itself can be generalized to the problem of
anisotropic dispersion.
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74. Splitting methods as iterative algorithms for stationary transport equations

We consider scheme (71.1) as an iterative algorithm for solving the stationary
problem of the transport equation in the slab:

1

I'~~+ trcp ~ ttr. Jcp(I", z)du + f(Jl, Z),

-1

cp(J,l, 0)= 0, J,l > 0,

cp(J,l, H) = 0, J,l < 0,

(74.1)

assuming that the parameter! is positive and depends on the step number of the
iterative process. Operators Al and A z are defined according to (71.3). We have,
therefore, the following iterative process

(74.2)

which is realized according to formulae (71.4). To estimate the rate of convergence of
the process we write (74.2) for errors e" = cP - cpn as

(E +!nAd(E+ !nAZ)(£n+ 1_ £n)= -2!nA£n

or

or

(E + 'l"nAZ)£n+ 1 = Tn(E+ !nAZ)£n,

where

T;=(E + rnA 1)-I(E - rnAd· (E - 'l"nAZ)·(E + rnAz)-1.

When we consider equation (74.3) in Euclidean space, we have

II (E + !nAZ)£n+ 111 ~ II t; II-II (E + !nAZ)£n II·

Since

(74.3)

we have
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(74.4)

(74.5)

II(E+ TnA 1)-1 (E - TnA 1 ) 11
2

= II(E-TnA1)(E +TnA1) -111 2

1- 2Tn(A 1cp, cp)/llcp 11 2+ T; IIA I cp 11 2/llcp 11 2

= :~~ 1+ 2Tn(A I cp, cp)/llcpI12 + T; IIA1 cp 11 2/llcp 11 2'

1-2TaO"co+ TlII AII1 2
~ 2 21+2TaO"cO+ T b IIAll1

1-2TaO"co+ TlO"I (J2 1
~ 2 2 <,

1+ 2TaO"co+Tb 0"1

where 0< Ta , Tb < 00 are the boundaries of parameter Tn' Hence, IITnII ~(J< 1and for
(74.2) we obtain the convergence and estimates of the kind

IIcpn - cpll ~ II(E+ TnA 2 )(cpn- cp) II

~ (In II (E +TnA 2 )(cpo- cp) 11-+0, n~oo.

We now take a parameter Tn independent of the step size of the iterative process.
Then

_ (J() 1- 2TO"co + T
2

0"I
(J- T 2 2'1+2TO"co+T 0"1

From the condition, (J'(T) = 0, we find the value T providing the minimum value of the
function (J(T):

(74.6)

(note also that (J"(Tap t ) ~ 0).
The choice of Tn can also be optimized from the simplified approximate problem,

for example, from the diffusion problem (PENENKO, SULTANGAZIN and BALASH
[1969]). Namely, by using this simplification of the problem we have Tapt = 1/0"c1
where

z

Thus, we have considered the iterative process with an (approximately) factorized
operator for solving a stationary problem in the slab. It is easy to see that the above
conclusions are valid for multidimensional problems. Besides, other splitting
schemes (see MARCHUK and YANENKO [1964], MARCHUK [1980], etc.) can be used for
solving stationary transport equations.

In conclusion here is a concise review of the literature dealing with different
aspects of the splitting methods theory for integro-differential transport equations.

Various splitting schemes for nonstationary transport equations are described by
MARCHUK and YANENKO [1964], MARCHUK [1980], MARCHUK and AGOSHKOV
[1981] and YANENKO [1967]; concrete ways of approximating operators in all
variables are given by MARCHUK [1980] and MARCHUK and AGOSHKOV [1981].
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Splitting methods as iterative algorithms for solving stationary transport
equations are considered by MARCHUK and YANENKO [1964], SMELOV [1978],
MARCHUK and SULTANGAZIN [1965], KOCHERGIN and KUZNETSOV [1969], MARCHUK,
PENENKO and SULTANGAZIN [1969]. Iterative splitting schemes for systems of spheric
harmonics are discussed by BOYARINTSEV and UZNADZE [1967] and SULTANGAZIN
[1979] and the problem of optimizing the parameters of iterative processes in
problems of the transport theory are discussed by SMELOV [1978], PENENKO,
SULTANGAZIN and BALAsH [1969], MARCHUK and SULTANGAZIN [1965].

Some aspects of realizing boundary conditions in splitting schemesfor a transport
equation are considered by MARCHUK and YANENKO [1964], MARCHUK and
AGOSHKOV [1981J, YANENKO [1967], KOROBITSINA [1969], MARCHUK, PENENKO and
SULTANGAZIN [1969]. Note also that this last work is in fact a survey of a certain
period of research into splitting algorithms and their theoretical grounding for
solving stationary problems for transport equations.



CHAPTER XVIII

The Splitting Method for Problems
of Hydrodynamics

The approximation ofequations ofhydro-, aero- and gas dynamics leads to systems
of nonlinear algebraic equations. The effective solution of these equations is
a complex problem, especially when solving multidimensional problems by means
of implicit schemes in time. On the other hand, the implicit schemes are particularly
convenient for gas dynamics and Navier-Stokes equations since they essentially
weaken the restrictions on the value of a time step. In this case, like in many
applications, the splitting method is a constructive approach.

This chapter discusses various approaches to construct splitting schemes for
equations of hydro- and gas dynamics. For the sake of simplicity we demonstrate
these methods for splitting differential systems of equations on the same level as in
a weak approximation method (see Section 46).

75. Splitting schemes for Navier-Stokes equations with s-perturbation of
incompressible fluid equations

The artificial compressibility method for solving problems of incompressible fluid
currents has been described by YANENKO [1967].

We consider the problem of a symmetric stationary flux with an incompressible
fluid obstacle in a two-dimensional plane.

The process is described by

2

L uiD iu+ (l jp) grad p =vAu,
i= 1

div u=O.

(75.1)

(75.2)

Here u1 and U2 are velocity components in directions Xl and X2 respectively, p is the
density, p is the pressure, v= #jp is the kinematic viscosity coefficient,Dj=ojox i and
grad = (ajax l' ajax2)' To construct a relaxation process, the nonstationary system
obtained from the weak compressibility assumption is formulated in corres-

413
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pondence with (75.1) and (75.2). This system has the form

011 2

ot + i~1 u1.@iue+ (1/p)grad p£=vAu, (75.3)

(75.4)

In (75.3) and (75.4) £>0 is considered to be sufficiently small.
Approximating the system of equations

p=l, tn=rn, tn+ 1/2 = r(n + ! ),

on the first subinterval [tn, tn+ 1/2] we can use a splitting scheme on coordinates XI

and X 2 for equations (75.3), and (75.4)

and on the subinterval [tn+ 1/2' t,,+ 1] we can use

1 oui e oui 02U~
-2 ~+U2 ;--=V--;-T,

vt VX2 vX2

1oui e oui 02ui
-2~+U2 ;--=V--;-T'o: VX 2 vX2

(75.5)

(75.6)

lOpe e ot e oui 0
!e-+ eU2 -+p -= .ot OX2 OX2

By approximating systems (75.5)and (75.6) by finite differences on a rectangular
grid and by implicit schemes in time, we can solve them by three-point sweeps along
the grid lines. To solve problem (75.1)~(75.2) we can use a nonstationary system
which is different from (75.3)-(75.4). It has the following form

oq dl 0ot + IV u= .

Here

(75.7)

(75.8)
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The corresponding splitting schemes have the form:

1 oU I OQl 02U1--+-=v--
2 at oX I oxi'

1 oU2 oU2 02U2
-2~+ U 1 ;---= v--;-z-,ot ox 1 ox 1

(75.9)

(75.10)

(75.11)

(75.12)

on [tn' tn+ 1/2]'

1 OU 1 OU1 02U1
2-at+U2OX

2
= V OX~ ,

lou2 OQ2 02U2--+--v--
2 at ox2 - OX~'

~ OQ2 +OU2=0,
2 at oX2

on [tn+ 1/2' t,J.
In difference approximations of systems (75.5), (75.6), (75.9) and (75.10) r is

a relaxation parameter of the iterative process. It is worth noting that boundary
conditions for the system (75.1)-(75.2) have intentionally been omitted in this
discussion to focus on major aspects of splitting. Splitting boundary conditions
requires a separate study in each particular case.

The s-perturbation introduced in (75.2) can also be used for solving nonstationary
equations. TEMAM [1981] uses the following perturbed equations:

orr n

at + i~1 ui ~irr+!(div rr)+grad pE=vArr,

OpE
s at +div rr=O.

In this case, it is easier to approximate (75.11) and (75.12) than the original
equations, because the condition div u=O is replaced by an evolutionary equation.
Here the following problems arise:

- existence and uniqueness of solutions of perturbed equations;
- convergence of " and pE to u and p for e~O;
- discretization of(75.11) and (75.12) and convergence of discrete approximations

to a solution of the original problem.
The existence of solutions of perturbed problems and the convergence of exact

solutions for e--+O are discussed by TEMAM [1981], where an alternating direction
scheme for approximation in time was used and where unconditional stability in
certain spaces and convergence of the discrete approximation to a solution of the
Navier-Stokes equations when e;r,h~O was proved.
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(76.1)

76. Splitting schemes restoring divergence for incompressible fluid equatio~

A fractional steps scheme requiring no perturbed equations and based on the
projection method has been suggested by CHORIN [1968] and further studied by
TEMAM [1981]. The classical statement consists of finding a vector function u and
a scalar function p such that

au n a
~+ L Uj ~u+grad p = vAu +f
ot i=' 1 vXj

in D x (0. T],

div u = 0, (76.2)

u=o on eo x [0, T], (76.3)

u(x,O)=uo(x) in D. (76.4)

First, we introduce a function space HMD)= Wi (D), H-the closure of W in L2(D)
and V-the closure of v in L 2(D),

Wi = rUE D(D): div u=O}.

Then, in a weak statement, it is required for given Uo E Hand f E L 2(0, T; H) to find
a function u E L 2 (0, T; V) that satisfies the conditions

d
dt (u, v)+b(u, u, v)+ v[u, v] =(.1: v)

'tv E V,

n (au ov)
[U,V]=,L ~'~.

I=' 1 vX1 vX I

Here (u, s)=Jn uv dD, and

b(u,s, w)= f,~ Ui(~O. Vj)WjdD
'J=' 1 vXr

n

(76.5)

(76.6)

(76.7)

is a three~ linear form, Uo E H, f E L 2 (0, T; H),
Let the interval [0, T] be divided into subintervals of length t: We assume that

nr

f"=~ f J(tl dt, n= 1,... , N.

(n -1)r

We introduce elements u" + 1/2, i = 0, 1, n= 0, ... , N - 1, and, beginning with
Uo= uo, compute all u"+ 1/2 consecutively using the formulae

~+1/2EHA(D),

(
~ + 1/2 u" )

r - ,V +6(~+1/2,un+1/2,V)+V[un+1/2,V]=(fn,v)

'tVE HMD),
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(un + \ v) = (11"+ 1/2, v) "tV E H.

Here

6(u, v, w)= t(b(u, v, w)- b(u, w, v))

is a continuous three-linear form on HMQ) and

6(u, s, v)=O "tu,v E HMQ).

(76.8)

(76.9)

(76.10)

(76.11)

Equation (76.8) means that II" + 1 is an orthogonal projection of II" + 1/2 on H in
L 2(Q). That is why un + 1 can be defined by the equality

11"+1 = PHil" + 1/2,

where PH is an orthogonal projector in L 2(Q) on the subspace H. TEMAM ([1981],
Theorem 1.1.4) shows that, in the orthogonal complement HI, the differenceun + 1_

11"+ 1/2 is a gradient of some function of H 1(Q). We denote this by w" 1 and obtain

un+ 1_11"+ 1/2
_____+ grad pn + 1 = 0, pn + 1 E H l(Q).

T

Relationship (76.10) is one of the consequences of (76.8). The second relationship,
equivalent to (76.8) and (76.10), is given by

div 11"+ 1 =0 in Q,

11"+ l· n=O on oQ;

11"+ 1 E L 2(Q).

These expressions are equivalent to a certain Neumann problem with respect to
v" 1. We apply operator div to (76.10) and obtain

Apn+ 1 =! div e: 1/2 (div 11"+ 1 =0),
T

opn+1
--=0 onoQ.on

Relationship (76.7) is a nonlinear Dirichlet problem. Writing (76.7) for S E D(Q), we
obtain the classical form

e: 1/2 II" n 011"+ 1/2
----+ I ui+ 1/2 +t(div 11"+ 1/2)11"+ 1/2

T i=l OXi

= fn+vAun+ 1/2.
(76.12)

Using a weak form of equations in this case helps to perform a separation of
operators which is not obvious in the classical statement. The last term on the left­
hand side of(76.12)is a stabilizing addition arising asa result of replacing 6(u,u, v) by
6(u, u, v) in (76.7). A further solution ofthe obtained problems has been described by
TEMAM [1981]. It is also noteworthy that the generated function v" 1 is not a "real"
pressure.
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(76.13)

The splitting idea connected with recalculation of the pressure given in a pro­
jection statement is, in fact, a consequence of ideas underlying the Harlow method
for particles incells. According to this scheme let us, first, compute an intermediate
velocity field from

JIl +1/2 - JIl n oJll
----+ L ui~=vAun+f

r i= 1 lJX i

Then we correct this field by taking into account the pressure gradient

JIl+ 1 =JIl+ 1/2 - r grad p,

where p is a stationary solution of

op .ot +div JIl +1/2 = rAp.

(76.14)

(76.15)

As a result of the above stages both (76.1) and (76.2) are satisfied.
BELOTSERKOVSKY, GUSHCHIN and SHCHENNIKOV [1975] used another splitting

scheme, namely, the explicit scheme of splitting along the physical factors. We
introduce the notation rot u = wand consider the velocity field u and pressure field
p at the time t; = nr to be known, then we can write the scheme for finding unknown
functions at time tn + 1 as the three-stage splitting scheme (76.16)-(76.18):

~ n oJll A n
- ~ Ui -+VuU ,

i=l OX i

(76.16)

Ap= -~ div JIl+ 1/2,
r

(76.17)

-grad p. (76.18)

As noted earlier, equation (76.17) is obtained by applying operation div to both sides
of(76.18)and taking the continuity equation into account (vector JIl+ 1 is solenoidal).
BELOTSERKOVSKY [1984] suggested the following physical interpretation of the
above scheme. It is assumed at the first stage (76.16) that the momentum transport (a
mass unit impulse) is realized only via convection and diffusion. The field JIl+ 1/2

thereby obtained does not satisfy the incompressibility condition giving never­
theless a correct description of the turbulent characteristics since it is possible to
show that rot"n+1/2=wn+ 1.

The obtained intermediate velocity field helps to find the field of pressure on the
second stage (76.1 7) taking into account the fact that the field JIl+ 1 is solenoidal. In
this approach the function pn + 1 is a physical pressure and boundary conditions for it
are not defined. On the contrary, in the projection method, pn + 1 satisfies Neumann
boundary conditions.

It isassumed at the third stage (76.18) that the transport is realized due to pressure
gradients only.

The following variant (76.19)-(76.21) of realization has been considered for
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increasing the reserve of stability by using an implicit scheme at the first stage
(BELOTSERKOVSKY [1984]).

JII+1/2_J11

r

,. oJII+ 1/2

= - L U'/ +vdJII+ 1/2 - grad P" +J,
i= I oXi

(76.19)

bp=pR+I_p", (76.20)

JII+ I_JII+ 1/2

---~=-grad(bp).
r

(76.21)

(77.1)

The proposed modification allows us to release the hard restrictions on the time
step inherent to the first scheme. Another advantage of this approach is that the
pressure increment in time and not the pressure itself is found in the second stage.

77. The general principle for constructing splitting schemes for Navier-Stokes
equations

We consider the original system of Navier-Stokes equations in a Cartesian
coordinate system, XLt (ex = 1, 2, 3). In the absence ofexternal forces this system can be
written in a divergent form

oV+OWLt=O
ot oX

Lt

Here V is a vector of a flow's state, wLt is a vector of hydrodynamic fluxes

Vo P

VI pU I

V= V2 - pU2

V3 pU3

V4 E

PULt

PUI uLt + Ph

PU2ULt + P2Lt

PU3ULt + P3Lt

oT
puLtE+UpPLtP-K;­

uXLt

(77.2)

In representation (77.2) we sum over p, pLtp = pJLtP - GLtp' P is the pressure, p is the
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(77.3)

density, bO:fJ is the Kronecker symbol, E=e+!luI 2 is the mass density of full energy,

. (au OU fJ )GO:fJ=AdlV ubo:fJ +,u ~+- ,
uXfJ oXo:

A=,u'_t,u,

p, and u' are the coefficients of volume and dissipative viscosity. System (77.1) may be
represented in a nondivergent form as well. We introduce a new vector of a state f

1=f(U)· (77.4)

We consider (77.4) as reversible, equivalent to U= U(/), and obtain nonsingular
matrices,

(77.5)

(77.6)

Thus, taking this into account, system (77.1) can be rewritten in the form

(77.7)

It follows from relationships (77.2) and (77.3) that Wo: = wo:(f, ai/ox). System (77.7)
can be rewritten in operator form:

(a/at +Q)I = 0,

Q = Bo:Do: + CO:fJDo:DfJ'

130: =aowo:/oj, co:fJ =aowo:/o/p.

Then, equation (77.8) takes the form

(77.8)

o. (77.9)

We introduce, further, operators

(no summation over a), then

3

Q= L (Qo:-Ro:).
0:"'1

(77.10)

System (77.9) is nondivergent in comparison with the equivalent system (77.1). Various
vectors of state, e.g., (Pt u1• u2tu3 , T), (p, U1, u2 , U3 , e), and I =(p, U 1• U2' u3 ' p) are
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R=<2

possible. In the first case

a a a a
U<2a bl<2P a b2<2Pa b3<2P a 0

X<2 X<2 X<2 X<2

2 a a
0

2 a
b 1<2 a a U<2a 0 -.» aX<2 X<2 X<2

b 2 a a
0

2 aQ= 2<2 a a 0 U<2a -,» a<2 X<2 X<2 X<2

2 a a 2 a
b3<2 a a 0 0 U<2a b3<2 b aX<2 X<2 X<2

2 a 2 a 2 a a
0 bl<2 S a b2<2 S a b3<2 S a U<2aX<2 X<2 X<2 X<2

2 1 ap b2=! ap .,2~(Lp~)/~·a =--
pap' paT' p ap aT

Considering vector f =(p, u<2' p) and a continuity equation in divergent form
simplifies the form of operators Q<2 to

a
0 0 0 0

aX<2

a 1 a
0 U<2a 0 0 b<2l-a

X<2 p X<2

a 1 a
Q= 0 0 U<2a 0 b<22-a<2 X<2 P X<2

0 0
a 1 a

0 U<2a b<23-a
X<2 p X<2

0 2 a 2 a 2 a a
bl<2PC a b2<2Pc a b3<2Pc a U<2aX<2 X<2 X<2 X<2

where c2 =dpjdp is the square of the speed of sound.
The choice of vector f for the Navier-Stokes equation determines the form of

representation R<2. The simplest form can be written for f=(p, U<2' T):

a
;-Gl<2
uX<2
a

;-G2 <2
uX<2
a

;-G3<2
uX<2
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CHAPTER XVIII

Now we consider splitting of the Navier-Stokes equations in a divergent and
nondivergent form. Let us do this in Cartesian coordinates. The generalization of the
splitting method for equations ofgas dynamics and Navier-Stokes equations for the
cases of curvilinear coordinates is carried out like in the above case (KOVENYA and
YANENKO [1981]). We represent the vector Wa of fluxes defined in equations (77.1)
and (77.2) as a sum of three terms

(77.11)

where Wla is the vector of convective fluxes, W2a the vector of flux due to pressure
forces, and W3a the vector of dissipative forces:

1 PUa
2 0WaO WaO

1 PU1Ua
2

btaPWat Wat

W1a= 1 PU2Ua W2a= 2 b2apWa2 - Wa2 -

1 PU3Ua
2 b3apWa3 Wa3

1 puaE 2
UaPWa4 Wa4

3 0WaO

3 -G laWal

W3a= 3 -G2aWa2 -

3 -G3aWa3

aT 3
3 -Ka- - I upGapWa4

Xa p== 1

When we consider each vector Wa as a sum (77.11) for every direction xa , we can write
the system of equations in the form of the splitting on physical processes and spatial
directions,

(77.12)
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Representing system (77.12) as

au g

~+ I !l'mU=O'
ot m=l

where

(77.13)

we have a system split on a differential level (approximating weakly) in the form

au N

-+ I (Xi!fjU=O,at i> 1

where

(X,=O for 1>1, tn~t~tn+r/N,

(X, =0 for 1#2, t, «i ~tn+2r/N,

Here N is the number of steps, the 2i are differential operators taking into account
the splitting in physical processes and spatial directions.

When we write the system in the nondivergent form (77.7), splitting in physical
processes and spatial directions is done as in (77.12) and (77.13): one separates the
convective fluxmatrices and the matrices determined by the pressure and dissipative
forces with the subsequent splitting along the spatial directions so that operator Q is
represented as

(77.14)

Here index (X is related to splitting in directions X a, and k to splitting in physical
processes. Depending on the choice of a vector f of unknown functions, the matrix
differential operator Q has various structures. Hence, the form of operators Qak

depends on the choice of f. The arbitrary character of the choice of unknown
functions allows us to consider various forms of splitting and to choose those that
have the largest reserve of stability in a difference form or the simplest realization.

We illustrate some of the splitting forms with examples. First, we only consider
a system of equations of gas dynamics (K = 0, Go = 0) resolved with respect to the
vector f = (p, U1, U2, U 3, p)T. Since K=Oand Gjj=O, the dissipative forces matrix Q 3a

is absent, and consequently k = 1 or 2. In considering continuity equations in a
divergent form and other equations in a nondivergent form the corresponding
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matrices Qb have the form,

(1

a
U12 0 0 0 0

x12

0
(1

u
12 a

0 0 0
X12

Q 112 = 0 0
(1

u
12 a

0 0 (77.15)
X12

0 0 0
(1

u
12 a

0
x12

(1
0 0 0 0 u

12 a x12

0 0 0 0 0

0 0 0
b1l2

(1
0 --

P (1X12

Q 212 = 0 0 0 0
b212

(1
(77.16)--

P (1X12

0 0
b312

(1
0 0 --

P (1X12

0
2 (1 2 (1 2 (1

0b112 Pc a b212 pc a b312 PC ax12 x12 x12

where c is the speed of the sound.
We consider splitting of equations (77.7) in physical processes and spatial

variables for vector f=(p, U1' u2 , U3' T)T. The convective fluxes matrix and the
matrix of pressure gradient forces are written as follows:

(1
(77.17)Qll2=u12 a l ,x12

(1 (1 (1
0 b1l2 P

a
b212P

a
b312P

a
0

x12 x12 x12

2 (1
0 0 0

2 (1
b1l2a a bl 12b ax12 x12

Q212 =
2 (1

0 0 0
2 (1

(77.18)b212 a a b212 b a
X12 x12

2 (1 0 0 0
2 (1

b312a a b312 b ax12 x12

0
2 (1 b 2 (1 2 (1

0b1l2 8 a 212 8 a b312 8 ax2 x12 x12
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2 1 op
a =--

pop'
2 Ps =-.

p

It is obvious that realizations of schemes based on splitting (77.15)-(77.16) or
(77.17)-(77.18) are different. The above examples can be continued if we choose gas

.dynamics functions or some combinations of them as the functions to be found. In
considering difference splitting schemes for boundary value problems the choice of
unknown functions is also determined by the form of the boundary conditions.

For Navier-Stokes equations written in the nondivergent form (77.7) splitting of
equations in physical processes and spatial directions is performed in the same way
as for equations of gas dynamics. The dissipative forces matrix is added in this case
separate from the convective transport matrix and the matrix of flows is determined
by pressure forces. For vector j=(p, U<2' T)T matrix 0 3<2 has the form

o

1 0o f=---
3<2 pOX<2

G1<2

G2 <2

G3<2
e

K-
oX<2

(77.19)

Some other examples of splitting gas dynamics and Navier-Stokes equations are
possible. These examples will belong to various realizations differing in the reserve of
stability, effectiveness of realization and convenience for calculating boundary
conditions. So, the approximation of equations in a divergent form leads to
conservative difference schemes satisfying conservation laws. This yields a physi­
cally more grounded result. For nonstationary solutions this way seems to be most
justified. At the same time the numerical schemes of this type are nonlinear and
require either internal iterations or a complex linearization.

Although equations written in a divergent form are more efficient in realization,
they yet have the conservation property only asymptotically, that is, in the process of
stationing. In this case, it is efficient to consider the predictor-corrector method that
permits the construction of conservative difference schemes suitable for solving
nonstationary problems (see KOVENYA and LEBEDEV [1984]). At the predictor stage
in the approximation of equations in nondivergent form a scheme of splitting in
physical processes and coordinate directions is constructed. At the corrector stage
the equation is approximated in a divergent form.

The above schemes have been used in either way for performing a whole range of
computations for problems of gas dynamics and viscous gas flows in both two­
dimensional and three-dimensional cases.

Papers by KOVENYA and YANENKO [1981], TEMAM [1981], BELOTSERKOVSKY
[1984], YANENKO [1967] and GUSHCHIN [1981] discuss the construction and the
convergence studies of splitting schemes for Navier-Stokes equations. Splitting
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schemes and the results of computing the viscous fluid fluxes by using the notion of
"artificial compressibility" are given by YANENKO [1967] and CHORIN [1968].
YANENKO [1967] also considered the coordinatewise splitting scheme. Splitting
methods for solving problems of the stratified fluid dynamics are described by
LYTKIN and CHERNYKH [1975], YOUNG and HORT [1972], GUSHCHIN [1981],
VASILYEV, KUZNETSOV, LYTKIN and CHERNYKH [1974]. Splitting methods for solving
a wide range of problems of gas and aerodynamics along with some computational
results are discussed by KUZNETSOV and STRELETS [1983], KOVENYA and LEBEDEV
[1984], KOVENYA and YANENKO [1981] and BELOTSERKOVSKY [1984]. Monographs
by MARcHuK [1974], KOVENYA and YANENKO [1981] and BELOTSERKOVSKY [1984]
are actually surveys of the results of constructing, studying and realizing splitting
schemes for problems ofgeophysical hydrodynamics, gas dynamics, hydrodynamics
and mechanics of a continuous medium.
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Problems in Meteorology

A number of implicit schemes for integrating equations of dynamic meteorology
have been developed and grounded by MARCHUK [1964b, 1965,1967, 1974a]. These
schemes are widely applied for solving problems of weather forecast, theory of
climate and environment protection (see the related publications by DVMNIKOV
and ISHIMOVA [1979], MARCHUK [1980], MARCHUK, DVMNIKOV et at. [1975, 1979,
1984], BU~RIDGE and HAVES [1974], LEPAS et at. [1974], ZENG and ZHANG
[1982], DVMNIKOV and LVKOSOV [1983], DVMNIKOV and FILIN [1985], MARCHUK,
DVMNIKovet at. [1981].

78. Equations of atmosphere hydrothermodynamics

Equations of atmosphere hydrothermodynamics with a quasistatic approximation
in spherical o-coordinates have the following form (MARCHUK, DVMNIKOV et at.
[1984]):

du U 1 (Of/> RT OPs)--(/+-tg<p)v+ -+- - =F,
dt a a cos <p OA Ps OA II

dv ( U ) 1(OcP T OP)-+ 1+- tg <p U+- -+- _s =F,
dt a a o<p Ps o<p Ii

dT RT
----T=F +edt C CTp T T'

p s

dq
dt = Fq - eq ,

oPs 1 (OPs U oPs V cos <p) oPs c1 0-+ --+ +--=at a cos <p OA O<p OCT'

olf> RT
-=--
OCT CT

. (Op U op v OP)T=P CT+CT _s+ _s+_ _ s
s at a cos <p aA a O<p ,

427

(78.1)

(78.2)

(78.3)

(78.4)

(78.5)

(78.6)

(78.7)
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(78.11)

(78.12)

d a u a va a
dt = at + K, K = a cos qJ aA. +;; aqJ + Uau;

t is the time variable; A. is the longitude and qJ the latitude; a = pips is a vertical
coordinate (p is the pressure, Ps is the pressure at the surface of the Earth); u, v and
u are wind velocity components in the longitudinal, latitudinal and vertical
direction, respectively; cP = gz is a geopotential on a constant e-surface (where g is
the gravitational acceleration and z is the altitude above the sea level); T is the
temperature (K); q is the specific humidity; Fu and F v are the rates of impulse
moment changes due to Reynolds stresses; F T and Fq are the rates of temperature
and specific humidity changes, respectively, caused by small-scale diffusion and
meso-scale convection; eT =Sr +Sfare diabatic heat fluxes (s, is a radiation heat flux
and Sf a heat flux due to condensation); Sq = C - E is the rate of humidity
transformations (C and E are terms describing condensation and evaporation
processes); 1= 20 sin qJ is a Coriolis parameter (0 is the angular speed of rotation of
the Earth); a is the radius of the Earth; Rand Cp are gas constants for dry air and
specific heat of air at constant pressure.

The following initial conditions are considered to be given for system (78.1H78.6)

u= uo(A., qJ, c), v= vo(A., qJ, rr],

Ps = Pso(A., qJ), (78.8)

T = To(A., qJ,u), q = qo(A., ip, u)

as well as the boundary conditions which assume that a solution is periodic in
longitude and restricted on the North and South Poles. As far as the underlying
surface being a solid body is a e-coordinate surface (u = 1), the corresponding
kinematic condition of type

u=O for U= 1 (78.9)

is used. An analogous condition can be stated for the upper boundary of the
atmosphere

u= 0 for U= 0, (78.10)

and the distribution of a geopotential on the lower boundary is also given:

cP = qz; =cPs

where Zs is the Earth's surface altitude above sea level.
Equations (78.1H78.4) can take a different form. At least three possible forms are

known. By multiplying any of these equations by Ps and using the continuity
equation (78.5) we obtain a divergent form

O~;U+KdU-(I+~tg 'P )p,v
»; (at[> a )

+ a cosqJ aA +RTaA ln p, =PsFu'
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where

We use the following substitutions

(78.13)

(78.14)

(78.15)

fis=1t,

J"Ps T=(),

J"Psu= U,

J"Psq=Q,
J"Psv= V,

(78.16)

and we obtain a symmetrized form of equations

au (U)-+K U- 1+-tgcp Vat s a1t

1 (alP a )+ 1t-;-+2R()~1In1t =1tFu '
a cos cp vA. VII.

oV (U)fu+Ks V+ 1+ a1t tg cp U

. 1( alP a )
+~ 1tocp +2R()ocp In 1t =1tFv '

where

K
s
= 1 [(U ~+~ U .)+(vcoscp ~+~ Vcos cp .)J

2a cos cp 1t OA. OA. 1t 1t ocp ocp 1t

+!-(a~+~a.).au au

(78.17)

(78.18)

(78.19)

(78.20)

(78.21)
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(78.22)

(78.23)

(78.24)

We introduce the following notation for an absolute eddy Z and energy E

Z=l+ 1 (ov _ oucos qJ)
acos c: 0;' oqJ ,

E=t(u 2 +v2
) .

Now we can write the motion equations (78.1) and (78.2) in the so-called Lamb form

ou ou 1 [0 0 ]
ot +0-00"-Zv+ acosqJ o;.(cP+E)+RT0;' ln p, =FU l

ov ov 1[ 0 0 ]
ot +0-00"+Zu+~ OqJ(cP+E)+RToqJln ps =Fv'

The system of equations of atmosphere hydrothermodynamics with adiabatic
approximation has a number of integral properties. The conservation laws for total
energy and enstrophy (=Z2) are the most interesting among them. Let the
right-hand sides in equations (78.1 H78.4) be equal to zero, and let Zs be absent for
some time. Multiplying (78.1) by u, (78.2) by v and adding these expressions we
obtain, after some transformations using equations of continuity (78.5) and
quasi-statics (78.6), the following equation for the changes of kinetic energy in time:

oPs E 1 (OPs ucP oPs v cos qJ cP)--+KdE+ +~---
ot a cos qJ 0;' oqJ

e (OPs .) RT+- O"-+p 0" cP= --T.
00" ot s 0"

Adding equations (78.24) and (78.3) and integrating the obtained expression in
0" from 0 to 1 and over the Earth's surface G using the corresponding boundary
conditions, we obtain

1

:t J v, J(E+Cp T)d<7dG~O, dG~a2 cos'!' de dJ..

G 0

(78.25)

(78.26)

Since it is known (LORENZ [1955]) that the total potential energy of a vertical air
column in hydrostatic systems (being the sum of two kinds of energy-i-potential gz

and internal C; T, where C; is specific heat of air at constant volume) coincides with
its enthalpy Cp T, equation (78.25) is the conservation law for the total energy of an
atmospheric system.

IC the term RT is replaced in (78.3) by RT where T is the average temperature
(a value independent of spatial coordinates and time), then the total energy
conservation law takes the quadrature form

1

:t fp, f(E+ ~F2 )dGdl1=O.

G 0
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The quadrature conservation law is a fundamental property of system (78.1)­
(78.6), which allows the construction of a stable computation process for obtaining
its solution.

In the case of nondivergent barotropic flow (Ps =const, 0-=0) the Lamb form for
the motion equations (78.22) and (78.23) along with the continuity equation in the
form

1 (OU +ov cos qJ)=o
a cos qJ OA. oqJ

allows to show the existence of the enstrophy conservation law

1

:t fP.fZ
2dudG=O.

G 0

(78.27)

(78.28)

This law has also a fundamental meaning because the real atmosphere is
quasi-barotropic and quasi-geostrophic, and therefore has a specificenergy cascade
in the direction of longitudinal waves and enstrophy cascade in the direction of the
high wave numbers.

We assume that Ps=1 in relationships (78.1H78.8) and obtain, as a special case,
a system of equations in p-coordinates where, besides the quasi-statics equation

ol/J
-op

RT

P
(78.29)

the continuity equation

1 (OU ov cos qJ) Or-+ +-=0
a cos qJ OA. oqJ'op (78.30)

turns out to be non-evolutionary.
The system of equations of atmosphere hydrothermodynamics with quasi-static

approximation is irregular, i.e. it does not belong to the Cauchy-Kovalevskaya type
systems but can be reduced to the evolutionary type by integrating, for example, the
quasi-statics equation (78.6) in a from a to 1 and using condition (78.11):

1

f
RT

l/J= l/J + - de;
s u (78.31)

and by integrating the continuity equation (78.5) in a from 0 to 1 and using
conditions (78.9) and (78.10):

1

a~.+fD da=O

o

(78.32)
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with the vertical velocity analogue u being represented as follows
1 a

U= :. (nIDdn-IDdn)'
o 0

79. The general splitting method with respect to physical processes
based on the separation of characteristic times

(78.33)

(79.1)

Systems of equations of atmosphere hydrothermodynamics appear to be fairly
difficult to integrate (especially for long times) owing to the simultaneous presence of
a great many physical processes with various characteristic time scales varying from
a fewseconds (gravity waves) to a fewdays and more (synoptic and planetary waves).
It is natural, therefore, to use various computational schemes to describe terms
related to the various physical processes.

Following MESINGER and ARAKAWA [1976] we consider, first, a linearized system
("shallow water") including advective terms and terms responsible for the descrip­
tion of gravity waves

OU OU oh
ot +cox +gox =0,

oh oh OU
ot +cox +H ox =0,

where h is the altitude of the free surface, and H is its average value. The ratio of the

velocity of the gravity waves propagation jiii to the velocity of the advective
transport c constitutes a value of order -10. It is expedient, therefore, to solve the
system of advection equations

(79.2)

oh +coh =0
ot ox

first for system (79.1) in the limits of a given time step.
We denote the thereby obtained intermediate values of un + 1 and hn + 1 by un + 1{2

and hn + 1{2 and use them as initial conditions for solving the remaining subsystem

OU oh
ot +gox=0,

oh HOU=0
ot + ox .

(79.3)
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The values if + 1 and hn + 1, obtained after solving this subsystem, are taken to be the
final approximate values of the variables at the time level n+1. This procedure is
repeated on each successive time step.

We consider a vector function t/J = { u,h} and a matrix

and write (79.1) in the form

(79.4)

By using the following representation of the matrix A,

Ai =cE, A2~(; ~}

we can represent the above procedure for solving systems of "shallow water"
equations as a splitting scheme,

./,n+l/2 ./,n
_'Y__~'Y_+A A./,n+l/2=Fn

~t 1 'I' b

./,n+ 1 .t» + 1/2
'I' -'I' +A A./,n+l=Fn+ 1/ 2

~t 2 'I' 2,

(79.5)

where the difference operator A approximates a differential operator ajax; F~ and
F'i + 1/2 are the result of applying difference operators to the function IjJ on previous
time steps.

The solution of a full diabatic problem in a symmetrized form, which is based on
the method of splitting with respect to physical processes and uses weak
approximation method symbolics, may be represented in various forms (MARCHUK,

DVMNIKOV et al. [1984]):
(a) for the computation of radiative heat fluxes,

(79.6)

(b) for the computation of heat fluxes due to condensation, dry and moist
convection,

(79.7)
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(c) for the solution of diffusion equations,

V3(tn)= V(tn),

Q3(tn) = Q2(tn + d;
(79.8)

(d) for the solution of transport equations,

OU4---at+ K sU4= 0,

0(J4
at +Ks(J4= 0,

U4(tn) = U3(tn+ 1)'

(J4(tn) = (J3(tn+ 1)'

(79.9)

(e) for the solution of adaptation equations,

(79.10)
1

orrs 1 f-+- Ddu=O
at 2rrs '

o

U S(tn) = U4(tn + d,

rrs(tn)=rr(tn)·

Formulae (78.31), (78.7), (78.33) are used for computing l/J, x.D and ct.
Aformal analysis of the above splitting scheme yields a first-order approximation

in time even in the case when the Crank-Nicolson scheme is used as a basic scheme
on each splitting stage. We shall consider stability questions in the following
sections.
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(80.2)

80. The approximation of equations in spatial variables and the discrete analogues
of conservation laws

In Section 78 we have described the equations of atmosphere hydrothermodynamics
in symmetrized form. The purpose of such a symmetrization is, first of all, the
possibility to construct absolutely stable difference schemes, whose stability is
proved in a quadratic norm equivalent to the system's square energy. For
illustration, consider a one-dimensional transport problem

ao +.t
2
(uao +auo)=o.at ax ax (80.1)

It is easily seen that for (80.1) the relationship

~ f02 dG= 0at
G

holds if u becomes zero at the boundary of domain G or if 0 is periodic. This follows
from the skew-symmetricity of the operator

K,O=i(u:: +~:}
Finite difference approximations of operator K, will also retain the skew-sym­

metricity condition (skew-symmetric matrices will appear) if the same symmetric
uniform scheme is used for each of the terms uaolax and auolax. Thus we can write

aoh
h hat +Ks 0 =0,

where

(K: Oh,Oh)4J=O,

and the inner product

(qJ h, ljJ h)4J = L qJr",r
i

is chosen in a corresponding grid space tP.
The operator K: retains its skew-symmetric form irrespective of the choice of uh

,

i.e. it is independent of the type of projector transforming u into u". The
independence of the skew-symmetricity property of the type of projection operator
allows the construction of a family of schemes satisfying condition (80.2) for problem
(80.1). Using the Crank-Nicolson scheme in time we obtain (index h is omitted)

o-: 1_ on on+ 1 + on
J1t +x, 2 O. (80.3)

Taking the inner product of (80.3) and ~(on+ 1 +on) we obtain

(on+1 on+ 1) =(on on), fIJ , fIJ'

which means that problem (80.1) is stable.
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(8004)

Ifwe choose staggered grids where function eis determined on integer grid points
and the function U on fractional grid points, then a scheme of second-order accuracy
in space for (80.1) can be represented as follows

en+1 en e: 1/2 en + 112
i - i Ui+ 112 i+l -Ui- 112 i-I

t\t + 2t\x =0

and will have the property that

L (ef + 1)2 = L(ei)2. (80.5)

(80,6)

(80.7)

It is fairly simple to write the approximation in space variables and the scheme for
the three-dimensional transport equation in the general case:

m: 1 en 1
ijk - ilk+ [u~, e~+117 -u'! e~+llf ]

t\t 2a cos <Pjt\A 1+112,),k l+I,),k 1- 112,j,k I-l,),k

1 n n+112 n n+112+2 t\ [(v cos <P)i j+ 112 k e i ).+ 1 k - (v cos <p)j )'-112 k e i )'-1 k]
a cos <Pi <P "" " , ,

_1_(0-~ e,!+112 -o-'!. e,!+112 )=0+ 2t\0' I,j,k + 112 I,j,k + 1 I,),k - 112 I,j,k - 1 ,

where

Uj + 112,l,k = -!(Ui + 112,]+ 112,k+Ui + 112.j- 112,k)'

(v cos <P)i,j+ 112.k = -!((v cos <P)i+ 112,j+ 112,k + (v cos <P )i-112,1+ 112,k)'

The grid points where the functions U and v are determined have indices i+tj+~

and k; the grid points where a function 0- is determined have indices i,j and k +-!.
It is easily seen that the matrices for each difference operator approximating the

derivatives along A, <P and 0' are skew-symmetric, i.e. (80.6) can be written in vector
form,

e: 1 on___+(K A. +KqJ +KtT)on + 112 = 0
t\t S S S ,

where

(K~e,e)41=o, p=A,<p,O'. (80.8)

Transport problems can be represented in form (80.7H80.8) for other substances
as well: specific humidity and horizontal velocity components.

At the adaptation stage the scheme has the form:

Un
+

1 un (Un
+

1
1
2

)i+112,j+112.k- i+112.1+112,k J + i+112,j+112.kt
At - <j+112 n+l/2 g<Pj+112

L1 ani+12,j+112

Vn + 112 1 [ n+ 112 n .m.n+ 112
X i+112,j+112,k + A 1 ni+112,j+112 Vi""j+112,k

acos <PjUIL

+ 2Rer:ll~~j+ 112•k X ~(ln n)jt t~!J =0,

(80.9a)
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Vn + 1 vn (Un + 1/2 )j+1/2,j+ 1/2,k - j+1/2,}+ 1/2,k + I + i+ 1/2,j+ 1/2,k t
J1t j+1/2 arrn+1/2 gqJj+1/2i+ 1 2,j+ 1/2

Un + 1/ 2 1 [n+1/2 uJ.n+1/2
X i+12,j+1/2,k+-;- rri+1/2.j+1/2 Vj""'j+1/2,k

auqJ

+ 2R()r:l/~~j+ 1/2,k X Vj(lnxli: ff~] =0,

rr~.+ 1- rr!!. 1 K

I) J1t I) + 2rr~.+ 1/2 L Dij! 1/2 J1u=O,
I) k= 1

where

D jjk = 1 J1A[v i _ 1/2 rrj U jk + ~A Vj- 1/2 rrj cos qJVikJ,
a cos qJj uqJ

eu! ()n R [ 1ijk - ijk ,,()n+1/2 Ul +1/2
At 2C n+1/2 1...J A1 i+12+v,l,k i+12+v,l,k

u pacosqJjrril v=-l,O LlA

V (I )n+1/2 1 er: 1/2 V n+ 1/2 V
X i+v n rr 1 + J1qJ i,j+1/2+v,k i,j+1/2+v.k cos qJj+1/2+v j+v

(I )n+1/2J 1 "[(cPn+1/2
X nrri -C ~.+1/2A 1...J i,l,k+1/2+v/2-

p rrl ) tsa v= -1.0

k+v Jn+1/2 n+1/2_
cPi,l,k+v/2) L D jjp J1u -0,

p+1

(80.9b)

(80.9c)

(80.9d)

(80.ge)

(80.91)
1 R()jlk

cPjlk- A Vk - 1/2(cPij U) = --,
oa rril

Vr= ( )r+ 1-( )r' ()r+ 1/2 =t[( )r+ 1+( )r]'

r is any of the indices i.j, k, or n.
Let Zs =0 and let the term RT in (78.3)be equal to RT. Hence, multiplying (80.9a)

by U~: l/f,j+ 1/2,k, and (80.9b) by Vr: f/f,l+ 1/2.b(80.ge) by ()7j! 1/2 and summing over
all i, j and k, we obtain the relationship

.~ cos qJj(Uf+1/2. j+1 /2,k+ Vr+1/2,j+1/2,k+ Cp;bk) n+1
I,),k

" (2 2 c, ()rjk)n
= .1...J cos qJj Ui.; 1/2,j+ 1/2,k + V i+ 1/2,j+ 1/2,k + T '

I.l,k

which is, in fact, the difference analogue of the conservation law (78.26).

81. The method of splitting with respect to geometric variables and
numerical realization

(80.10)

Since the transport operator K; is the sum of three operators (transport in each
geometric direction), each being skew-symmetric, it is quite natural to perform
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(81.3)

a further splitting of the problem. Hence, we obtain the following algorithm:

t/Jn+ 1/3 - t/Jn l t/Jn+ 1/3 + t/Jn

At +Ks 2 0,

t/Jn + 2/3 _ t/Jn+ 1/3 t/Jn+ 2/3 + t/Jn+ 1/3

At +K~ 2 =0, (81.1)

t/Jn+ 1 _ t/Jn+ 2/3 (1 t/Jn+ 1 + t/Jn+ 2/3

1\t +Ks 2 0,

where t/J is any of the functions U, Y, () or Q.
Due to (80.8) it is obvious that the above difference scheme is absolutely stable and

quadratic functionals conserve their value exactly. In the general case, scheme (81.1)
has a first-order approximation in time. The cyclic commutation method allows,
however, the construction of a second-order approximation scheme in the general
case of noncommuting operators as well (MARCHUK [1980]).

Thus, a three-dimensional transport problem is reduced to a set of one-dimen­
sional problems.

Now we consider methods for inverting these operators. Transport in the
A-direction (along latitude circles) is realized by the cyclic sweep method. It is the
same for all unknown functions (the only difference is in determining the "transport"
velocities, which are parts of the expression for operator K s)' The algorithm for
transport in the a-direction is also the same for all unknown functions (scalar sweep).
Transport in the qJ-direction (along longitudes) is realized in a more complex way.
A method for constructing cyclically closed rings of meridians shifted by 1800 has
been used by MARCHUK, DYMNIKOV et at. [1984]. In this case components of the
vector values (U and Y) in the transition over the Pole must change their sign while
the scalar values (() and Q) keep the same sign. Computation is realized via a cyclic
sweep. The skew-symmetric form of the transport operator guarantees, in this case,
conservation of the quadratic values.

To solve the system of algebraic equations at the adaptation stage (80.9) the
following iterative process with respect to values tr: 1/2, y n + 1/ 2, ()"+ 1/2 and rrn + 1 is
used (some aspects of its convergence and the choice of optimal parameters are
discussed by MARCHUK, DYMNIKOV et at. [1984]):

(s) 1 (s) R() Wk (
ffJUk - A Vk - 1/2 (affJ ij ) = ------W-' 81.2)

isa rr ij

A(s) _lAt[1 + unl/2. j+1 /2,k tgqJj+1/2]
i+l/2,j+l/2.k-2 j+l/2 arr(s) ,

ij

(F )n.(s) in At [ (s)
1 i+l/2,j+1/2,k= i+l/2,j+l/2.k-

2
A 1 rri+l/2.j+l/2

a cos qJj+ 1/2 LlII.

X ~ ffJ;sll/2.k +2R()~11/2.j+ 1/2.k Vi(ln rr)n 1/2],

(F )n,(s) yn At [ (s) V ".,,(s)
2 i+1/2,j+l/2.k= i+1/2,j+l/2,k- 2a1\qJ rri+l/2,j+l/2 j'Yi+l/2,k

+2R()~11/2,j+1/2.k Vj(ln rr)n 1/2],
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(81.6)

(81.5)

(81.4)

(81.7)

U
(s + 1) A(s) y(S+ 1) (F )n.(S)
i+l/2,j+l/2,k- i+l/2,j+l/2,k i+l/2,j+l/2,k= 1 i+l/2,j+1/2,k,

A
(S) U(s+ 1) y(S+ 1) (F )n,(S)
i+ 1/2,j+ 1/2,k i+ 1/2,j+ 1/2,k + i+ 1/2,j+ 1/2,k = 2 i+ 1/2,j+ 1/2,k,

D(S+ 1) _ 1 [V «(S) U(S+ 1)
ilk - A1 i-l/2 TCj j,k

a cos qJj Llll.

L\A V ((S) (s+ 1»)J+ L\qJ j- 1/2 TCj cos qJ Yi,k ,

e (s + 1) (1 )e(S) {en L\tR
ijk = - To ilk +To ijk +--"""(s)~--

4Cp TCij a cos qJj

" [1 e(s) U(S+I) V (1 )(5)
·V=~I,O AA i+l/2+v,},k i+l/2+v,j,k i+v nTC)

1 e(S) y(s + 1) V (1 )(S)J+L\qJ cosqJ}+1/2+v j,j+l/2+v,k i,j+l/2+v,k j+v nTC i

L\t [ k+v J}"(c/J(s) c/J(S») " D(s+ 1)+2C (s) 1..J i,j,k+(v+ 1)/2 - i,j,k+v/2 1..J ijll '
pTCij v=-I,O 1-1=1

(s+ 1) (1 ) (s) (n L\tL\u ~ D(s+ 1»)
TCij = - Ttr TCij +Ttr TCij-~ 1..J ilk •

2TCij k=1

The following notations are introduced in (81.2H81.7): s is the iteration number
(indices (n+ 1)and (n+t) are omitted); To and Ttr are relaxation parameters in eand
TC (at the resolution AA = L\qJ = 5° the optimal value of the parameters TO and Ttr is the
value ~ 0.25).

The computational process is organized as follows. The distributions of U, Jt:e
and TC on the preceding step in time are taken as the initial approximation (when
s =0). Distribution of the geopotential c/J is computed using the known "old" values
e and TC and equation (81.2). Auxiliary values A, F 1 and F 2 are computed using
formulae (81.3). Here, in computing F1 in polar regions the short waves in zonal
gradients of functions In TC and c/J are filtered by means of a fast Fourier
transformation. By solving system (81.4) we find values U and Y by explicit
formulae. Then, substituting them into (81.5) we compute the flat divergence D.
Finally, using relationships (81.6) and (81.7), we compute "new" values eand TC (in

this case, as above, we filter out short waves in zonal gradients ~U and In TC).

Note that the accepted procedure of filtering short waves does not break
conservation laws. We perform iterations at each step in time until either the
following relationship holds

Ie (s + 1) e(s) Imax ijk - ilk < s,
i,},k

where e is a given value of absolute error, or the number of iterations exceeds a given
limit value.





(82.1)

CHAPTER XX

Problems in Oceanology

The problem of mathematically modeling the ocean's general circulation attracts
many scientists. The progress in the research into the physics ofthe ocean stimulated
mathematicians to construct numerical models of ocean circulations, tide waves,
currents, etc. These models influenced significantly the development ofresearch into
the central problem of modern geophysical hydrodynamics, the interaction of the
atmosphere and the ocean.

This chapter describes the major aspects of the construction of numerical
algorithms for the solution of ocean dynamics problems based on the splitting
method (MARCHUK [1974a], MARCHUK, DVMNIKOV et al. [1984]).

82. Statement of the problem and the splitting of equations with respect to
physical processes

The problem of the general circulation of the ocean is described by the following
system of equations written in Cartesian coordinates for the sake of simplicity:

du 1 op 0 ov
- + lu = - - - + JlAv + -"-,
dt Po oy oz oz
d V 1 op 0 ou
--lv=-- -+JlAu+-,,-
dt Po ox OZ OZ'

op ou ov ow
oz = gp, ox +oy + oz =0,

dT 0 oT
dt +YTW= JlT AT +OZ "T OZ'

dS 0 oS
dt +Ysw=JlsAS+oz"soz'

d 0 0 0 0
p=p(T,S), dt =ot +uox +voy +WOZ·

System (82.1) is obtained from the general equations of the hydrodynamics of
a rotating fluid by using traditional approximations for problems of the large-scale
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dynamics of the ocean, namely, Bousinesq, hydrostatics, incompressibility of the
water, linear mechanism of macroturbulent viscosity and diffusion.

Equations (82.1) are written for deviations p(z),p(z), f(z), S(z) of pressure p, density
p, temperature T, and salinity S respectively from their average values on the vertical
with

(82.2)

on (T,

w=O,

for z=O',

We assume that the solution domain Q of the problem represents a closed basin,
bounded by the unperturbed surface of the .ocean z =0, bottom H = H(x,y) and
cylindric lateral surface (T. We add the corresponding boundary and initial
conditions to (82.1);

er as
u=v=O, -=-=0ov ov

ov
KOZ 12'

as
a20z +b2S = C2

au ov
Koz=0, K

OZ
=0,

for z=H, (82.3)

(82.4)
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(82.6)

(82.5)

1 as as as as- -+un_+vn_+wn_=O
3 at ax oy oz '
1 au a au
- -=JL~U+-K-,
3 at oz oz
1 ov a ov
- -=JL~V+-K-,
3 at oz oz
1 st a sr
"3 at =JLT~T+ozKT oz'
1 as a as
"3 at = JLs~S+oZ KS oz'
1 au 1 op
- --lv=---
3 at Po ax'
1 ov 1 op
- -+lu= ---,
3 at Po oy
1 op au avow
"3 oz =gp, ax +oy+ oz =0,

1 st 1 as
"3 -at+YTW=O, "3 at +Ysw=O,

p =Cl.TT +Cl.sS+Pl i'T", sn).

Note that in this case it is assumed, in splitting system (82.1),that equations (82.1)are
linearized at the interval tj ~ t ~ tj + 1 . This is indicated by the indices n in (82.4)and in
the equation of state in system (82.6). We add to the subsystems (82.4H82.6) the
corresponding initial conditions and to (82.5H82.6) the boundary conditions
following from (82.2).

For system (82.5) we have the following boundary conditions

for z=O,
as

a
20z

+b2S = c2,

au ov
K oz =0, Koz =0,

u=v=O, oT=oS=O
ov ov

ov
KOZ /2'

on (J,

(82.7)

for z=H;
st as
-=-=0
ov ov
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and for system (82.6)
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(u. v)=O on (J.

w=O for z=O. (82.8)

w=uHx «eu, for z=H.

where

u=(u.v).

83. The splitting of adaptation equations in planes and generalization
for the nonhydrostatic case

The equations solved by the methods considered above have been obtained on the
first two stages of splitting with respect to physical processes, described by systems
(82.4) and (82.5).

Now we consider a method for solving system (82.6) based on further splitting in
the coordinate planes (x,z) and (y,z) (MARCHUK [1974a]). Because this method
allows generalization. we assume that a more complete evolutionary equation is
used instead of the hydrostatics equation. Hence, we arrive at the following two
systems of equations, assuming for the sake of simplicity that the state equation is
linear (Pl = 0):

1 au 1 1 op
- --21v= - - -
6 at Po ox'
1 OV 1
- -+21u=0
6 at '
1 ow 1 1 op
- --2g----
6 at - 2p oz'

au 1 ow
ox +:2 oz =0,

1 op 1

"6 at +2YW=0;

(83.1)

(83.2)
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ov ! OW_
Ooy + 2 OZ - ,

1 Op 1

6 at +2YW=0;
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where y=IX TYT +lXs Ys .
By using continuity equations we can reduce each of systems (83.1) and (83.2) to

problems for stream functions.

84. The splitting of adaptation equations with respect to "topography"

The above system of ocean dynamics equations (82.1) is non-evolutionary. That is
why its splitting with respect to physical processes has been performed on
a "physical level". To be able to use the results of the general theory of the splitting
method given in the previous chapters, we reduce (82.1) to an evolutionary form. We
will, however, not consider here the transformation of the full system (82.1) to its
evolutionary form (see MARCHUK, DYMNIKOV et al. [1984] and ZALESNY [1984]). Let
us illustrate this technique by transforming adaptation equations (82.6) under the
assumption that the state condition (Pl =0) is linear.

We transform the solution domain Q ofthe problem into a cylinder with unit base
by substitution of z1 = z/ H and represent the horizontal components of the velocity
vector in the form

u=u+ u', v=v+v',

1

a=fadz.

o

Hence, we obtain the following system of equations

op
~=pHg,
UZl

ouH ovH aWl
~+~+~=O,

uX uy uZ l
(84.1)
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(84.2)

1 0 1 0
-----

3 OZl gHy OZl
oo

OqJ
A=A1 +A2 •B ot +AqJ=O. (84.3)

where

qJ =(u. V. pl.

1PoH 0 0

B= 0 iPoH 0

0 -PoHI
0

0 0
oH 0

H- --z-
ox ox lOZl

A1 = PoHI 0
(]

A 2 = 0 0
oH 0

H- • --z- ,
oy oy lOZl

0 0 0 oH 0 oH
-H -H 0 --z- --z- 0
ox oy OZl lOX OZl loy

For the approximate solution of (84.3) we use a splitting scheme with respect to
"topography" (ZALESNY [1984. 1985])

1 OqJl
2B fu + A 1 qJl =0.

1 aqJ2
2 Bfu+A2 qJ2 =0.

Hence. at the first stage of splitting we come to the solution of

1 OU op
6PoH ot -PoHlv+H ax =0.

1 OV op
6PoHot +PoHlu+H oy =0.

(84.4)

(84.5)
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_~~ ~ _1_ ~+ouH +ovH=O.
6 at OZI gH y OZI ox oy

We add to system (84.5) the boundary conditions following from (82.8):

w=O for Zl =0,1;

or in terms of function p:

a 1 oP_o-- - -- for Zl =0, 1,at qli; OZI

(u, v) = 0 on (1.

At the second stage of splitting we have

1 AU oH op
6PO H-;--;-Zl ;-=0,

ut UXI uZl

1 OV oH op
6PoH-;--;--Zl;-=0,

ut uYl uZ l

1 a a 1 op a (OH OH)
-"6 at OZI gH

y
OZI - OZI Zl U ox +v oy =0

with boundary conditions

_~ _1_ op =0 for z=O,
at qli; OZI

a 1 op
----=uH+vH forz=1.at qil; OZI x y

It is easily shown that relationships

B~O,

(84.6)

(84.7)

(84.8)

(Ai<P,<p)=O, i= 1,2 for 'l' #0

hold for operators B, A 1 and A2 (with the corresponding boundary conditions).

85. The splitting of "shallow water" equations with respect to coordinates

System (84.5) obtained at the first splitting stage with respect to "topography" may
be transformed to a linear system of the "shallow water" equations:

1 oUn OPn
6poH at -PoHlvn+H ox =0,

1 OVn OPn
6poH at +PoHlun+H oy =0,

! 1 OPn (OUnH OVnH) _ 0
6 A n at +gH ox + oy -.

(85.1)
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Here A.n are eigenvalues of a self-adjoint spectral problem.

a 1 oqJn
-- - -=A qJOZ y oz n n'

oqJn 0 t"-= lor z=O 1oz ·
with ).0 = O. Ai>0, i= 1, 2,. ...

System (85.1) can also be split along the coordinates x and y into two subsystems:

1 • OUn 1 OPn
TIPoH at -2POHlvn+H ax =0.

1 OVn 1
TIPoH at +1:POHlun=O,

1 OPn ounH
TIAn ot-+gH~=O;

(85.2)

(85.3)

1 OUn 1
TIPoH at -1:PoHlvn=O.

-.L OVn 1 OPn
12PoH at +1:PoHlun+H oy =0.

-.L 1 OPn ovnH
121\.n at +gHay=O.

Systems (85.2) and (85.3). or to be exact, their discrete analogues are realized by
simple three-point sweeps.

Note that in the absence of rotation effect (1=0) the system coincides with
acoustics equations in the two-dimensional case with the accuracy up to the
notations. A method of splitting with respect to coordinates analogous to
(85.2H85.3) with concrete discretization of the problem in spatial variables has been
considered by YANENKO [1967].

One can find various versions of splitting methods for ocean dynamics problems
as well as algorithms for their realizations and results of numerical experiments in
the works by MARCHUK [1974a]. MARCHUK, BUBNOV. ZALESNY and KORDZADZE

[1983]. MARCHUK, KORDZADZE and SKIBA [1974]. MARCHUK et al. [1980], MARCHUK

and ZALESNY [1974J, KUZIN [1980, 1984J and ZALESNY [1984, 1985].
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